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Preface 


Once upon a time it was possible for parents to help children with 
their homework. The ‘modernization’ of school mathematics has 
made this less possible: at the very least the parent has to learn a 
lot of new material, most of which seems strange and uncom- 
fortable. A teacher friend of mine reports that his class has been 
clamouring to be taught ‘real mathematics like Mum and Dad 
used to do’, which sheds an interesting sidelight on where 
children get their opinions. Many teachers, too, find the new style 
of mathematics difficult to grasp hold of. 

This is a pity. The aim of ‘modern maths’ was to encourage 
understanding of mathematics instead of blind manipulation of 
symbols. The true mathematician is not a juggler of numbers, but 
a juggler of concepts. 

This book attempts to combat these feelings of unease. One is 
always uncomfortable when faced with the unknown, and the best 
way to lose one’s fears is to see how it works, what it does, and 
why it does it, so that one becomes accustomed to its nature and no 
longer feels uncomfortable. This will not be a ‘handbook of 
modern mathematics’, but a description of the aims, methods, 
problems, and applications of modern mathematics: the day-to- 
day toolkit of the working mathematician. 

I would prefer not to have assumed that the reader knows any 
mathematics, but here I have had to compromise. He will need 
a smattering of algebra, geometry and trigonometry; and the 
idea of a graph. I have tried to avoid calculus; it does appear 
occasionally but is never essential to the exposition. 

Most important of all is a mind receptive to new ideas and a 
genuine desire to understand. Mathematics is not an easy sub- 
ject — no worthwhile subject is easy — but it is a rewarding one. It 
is a part of our culture, and no person can count himself truly 
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Chapter | Mathematics in General 


‘It is difficult to give an idea of the vast 
extent of modern mathematics’ 
~ A. Cayley, in an address of 1883, 


From the sudden conversion of our schools to ‘modern mathe- 
matics’ one might gain the impression that mathematics has lost 
control of its senses, thrown out all of its traditional ideas, and 
replaced them by weird and whimsical creations of no possible use 
to anyone. 

This is not entirely an accurate picture. At a conservative 
estimate, most of the ‘modern mathematics’ now taught in 
schools has been in existence for over a century. In mathematics 
new ideas have developed naturally out of older ones, and have 
been incorporated steadily with the passing of time. But in our 
schools we have introduced a number of new concepts all at once, 
mostly without any discussion of how they relate to traditional 
mathematics. 


Abstractness and Generality ) 


One of the more noticeable aspects of modern mathematics is a 
tendency to become increasingly abstract. Each major concept 
embraces not one but many diverse objects, all having some com- 
mon property. An abstract theory develops the consequences of 
this property, which may then be applied to any of the diverse 
objects. 

Thus the concept ‘group’ has applications to rigid motions in 
space, symmetries of geometrical figures, the additive structure of 
whole numbers, or the deformation of curves in a topological 
space, The common property is the possibility of combining two 
objects of a certain kind to yield another. Two rigid motions, per- 
formed in succession, yield a rigid motion; the sum of two num- 
bers is a number; two curves stuck end to end form another curve. 

Abstraction and generality go hand in hand. And the main 
advantage of generality is that it saves work. It is pointless to 
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prove the same theorem four times in different disguises, when it 
could have been proved once in a general setting. 

A second feature of modern mathematics is its reliance on the 
language of set theory. This is usually no more than common 
sense in symbolic dress. Mathematics, particularly when it be- 
comes more general, is less interested in specific objects than in 
whole collections of objects. That 5 = 1+-4 is not terribly signifi- 
cant. That every prime numberof the form ‘4n+-1’is a sum of two 
squares is significant. The latter is an observation about the col- 
lection of all prime numbers, rather than about any particular 
prime number. 

A set is just a collection: we use a different word to avoid cer- 
tain psychological overtones associated with the word ‘collec- 
tion’. Sets can be combined in various ways to give other sets, in 
the same way that numbers can be combined (by addition, sub- 
traction, multiplication, .. .) to give other numbers. The general 
theory of arithmetical operations is algebra: so we also can de- 
velop an algebra of set theory. 

Sets have certain advantages over numbers, particularly from 
the point of view of teaching. They are more concrete than num- 
bers. You cannot show a child a number (‘I am holding in my 
hand the number 3’), you can show him a number of things: 
3 lollipops, 3 ping-pong balls. You will be showing him a set of 
lollipops, or ping-pong balls. Although the sets of interest in 
mathematics are not concrete — they tend to be sets of numbers, or 
functions — the basic operations of set theory can be demonstrated 
by means of concrete material. 

Set theory is more fundamental to mathematics than arithmetic— 
although the fundamentals are not always the best starting point — 
and the ideas of set theory are indispensable for an understanding 
of modern mathematics. For this reason I have discussed sets in 
Chapters 4 and 5. The language of set theory is used freely there- 
after, though I have tried not to use anything beyond very ele- 
mentary parts of the theory. It would be wrong to overemphasize 
set theory per se: it is a language, not an end in itself. If you knew 
set theory up to the hilt, and no other mathematics, you would be 
of no use to anybody. If you knew a lot of mathematics, but no 
set theory, you might achieve a great deal. But if you knew just 
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some set theory, you would have a far better understanding of the 
language of mathematics. 


Intuition and Formalism 


The trend to greater generality has been accompanied by an in- 
creased standard of logical rigour. Euclid is now criticized be- 
cause he didn’t have an axiom to say that a line passing through a 
point inside a triangle must cut the triangle somewhere. Euler’s 
definition of a function as ‘a curve drawn by freely leading the 
hand’ will not allow the games that mathematicians wish to play 
with functions, and anyway it’s far too vague. (What is a ‘curve’?) 
One can go overboard for this sort of thing, verbal arguments can 
be replaced by a profusion of symbolic logic and checked for 
validity by a blind application of a standard technique. If carried 
too far (and in this case, enough is too much) this destroys under- 
standing, instead of aiding it. 

The demands for greater rigour are not just a whim. The more 
complicated and extensive a subject becomes, the more im- 
portant it is to adopt a critical attitude. A sociologist, trying to 
make sense of masses of experimental data, will have to discard 
those experiments which have been badly performed, or whose 
conclusions are dubious. In mathematics it is the same. All too 
often the ‘obvious’ has turned out to be false. There exist geo- 
metrical figures which do not have an area. According to Banach 
and Tarski? it is possible to cut a circular disc into five pieces and 
reassemble the pieces to form two discs, each the same size as the 
original. On grounds of area, this is impossible. But the pieces do 
not have areas. 

Logical rigour provides a restraining influence which is of great 
value in dangerous circumstances, or when dealing with subtleties. 
There are theorems which most practising mathematicians are 
convinced must be true; but until someone proves them they are 
unjustified assumptions, and cannot be used except as assump- 
tions. 

Another place where one must be careful about one’s logic is 
when proving something impossible. What is impossible by one 
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method may easily be performed by another, so very careful 
specifications are required. There exist proofs that quintic equa- 
tions cannot be solved by radicals,? or that angles cannot be 
trisected with ruler and compasses. These are important theorems, 
because they close off unproductive paths. But if we are to be 
certain that the paths really are unproductive, we must be very 
cautious with our logic. 

Impossibility proofs are very characteristic of mathematics. It 
is virtually the only subject that can be sure of its own limitations. 
It has at times become so obsessed with them that people have 
been more interested in proving that something cannot be done 
than in finding out how to do it! If self-knowledge be a virtue, 
then mathematicians as a breed are saints. 

However, logic is not all. No formula ever suggested anything 
on its own. Logic can be used to solve problems, but it cannot sug- 
gest which problems to try. No one has ever formalized signifi- 
cance. To recognize what is significant you need a certain amount 
of experience, plus that elusive quality : intuition. 

I cannot define what I mean by ‘intuition’. It is simply what 
makes mathematicians (or physicists, or engineers, or poets) tick. 
It gives them a ‘feel’ for the subject; with it they can see that a 
theorem is true, without giving a formal proof, and on the basis of 
their vision produce a proof that works. 

Practically everybody possesses some degree of mathematical 
intuition. A child solving a jig-saw puzzle has it. Anyone who has 
succeeded in packing the family’s holiday luggage in the boot of 
the car has it. The main object in training mathematicians should 
be to develop their intuition into a controllable tool. 

Many pages have been expended on polemics in favour of 
rigour over intuition, or of intuition over rigour. Both extremes 
miss the point: the power of mathematics lies precisely in the com- 
bination of intuition and rigour. Controlled genius, inspired logic. 
We ail know the brilliant person whose ideas never quite work, and 
the tidy, organized person who never achieves anything worth- 
while because he is too busy getting tidy and organized. These are 
the extremes to avoid. 
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Pictures 


In learning mathematics, the psychological is more important 
than the logical. I have seen superbly logical lectures which none 
of the audience understood. Intuition should take precedence; it 
can be backed up by formal proof later. An intuitive proof allows 
you to understand why the theorem must be true; the logic merely 
provides firm grounds to show that it is true. 

In subsequent chapters, I have tried to stress the intuitive side 
of mathematics. Instead of giving formal proofs I have tried to 
sketch the underlying ideas. In a proper textbook one should, 
ideally, do both; few texts achieve this ideal. 

Some mathematicians, perhaps 10 per cent, think in formulae. 
Their intuition deals in formulae. But the rest think in pictures; 
their intuition is geometrical. Pictures carry so much more in- 
formation than words. For many years schoolchildren were dis- 
couraged from drawing pictures because ‘they aren’t rigorous’. 
This was a bad mistake. Pictures are not rigorous, it is true, but 
they are an essential aid to thought and no one should reject any- 
thing that can help him to think better. 


Why? 


There are plenty of reasons for doing mathematics, and anyone 
reading this is unlikely to demand that the existence of mathe- 
matics be justified before he proceeds one page further. Mathe- 
matics is beautiful, intellectually stimulating — even useful. 

Most of the topics I intend to discuss come from pure mathe- 
matics. The aim in pure mathematics is not practical applications, 
but intellectual satisfaction. In this pure mathematics resembles the 
fine arts — few people ask that a painting should be useful. (Unlike 
the fine arts it has generally accepted critical standards.) But the 
remarkable thing is that — almost despite itself - pure mathe- 
matics is useful. Let me give an example. 

In the 1800s mathematicians expended a lot of energy on 
the wave equation; a partial differential equation arising from the 
physical properties of waves in a string or in fluid. Despite the 
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physical origin, the problem was one of pure mathematics: no- 
body could think of a practical use for waves. In 1864 Maxwell 
laid down a number of equations to describe electrical pheno- 
mena. A simple manipulation of these equations produces the 
wave equation. This led Maxwell to predict the existence of 
electrical waves. In 1888 Hertz confirmed Maxwell’s predictions 
experimentally, detecting radio waves in the laboratory. In 1896 
Marconi made the first radio transmission. 

This sequence of events is typical of the way in which pure 
mathematics becomes useful. First, the pure mathematician play- 
ing about with the problem for the fun of it. Second, the theoreti- 
cian, applying the mathematics but making no attempt to test his 
theory. Third, the experimental scientist, confirming the theory 
but not developing any use for it. Finally the practical man, who 
delivers the goods to the waiting world. 

The same sequence of events occurs in the development of 
atomic power; or in matrix theory (used in engineering and 
economics); or in integral equations. 

Observe the time-scale. From the wave equation to Marconi: 
150 years. From differential geometry to the atomic bomb: 100 
years. From Cayley’s first use of matrices to their use by econo- 
mists: 100 years. Integral equations took thirty years to get from 
the point where Courant and Hilbert developed them into a useful 
mathematical tool to the point where they became useful in 
quantum theory, and it was many years after that before any prac- 
tical applications came out of quantum theory. Nobody could 
have realized at the time that their mathematics would turn out to 
be needed a century or more later! 

Does this mean that all mathematics, however unimportant it 
may seem now, should be encouraged on the off chance that it will 
be just what the physicists need in 2075? 

The wave equation, differential geometry, matrices, integral 
equations: all these were recognized as significant mathematics at 
the time they were first developed. Mathematics has a very inter- 
related structure, and developments in one part can often affect 
other parts: this leads to a certain body of mathematics being 
thought of as ‘central’, and it is in this centre that the significant 
problems lie. Even totally new methods prove their significance by 
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tackling central problems. Most mathematics that has later 
turned out to be useful for practical applications has come from 
this central region. 

Mathematical intuition triumphant? Or just that any mathe- 
matics not considered significant never gets developed to the 
point where it could be useful? I don’t know. But it is pretty cer- 
tain that mathematics considered by a consensus of mathe- 
maticians to be trivial or unimportant will not prove useful. The 
theory of generalized left pseudo-heaps does not hold the key to 
the future. 

However, some very beautiful and significant mathematics also 
turns out to be useless in practice, because the real world just 
doesn’t work that way. A certain theoretical physicist secured 
himself a mighty reputation on the basis of his deduction, on very 
general mathematical grounds, of a formula for the radius of the 
universe. It was a very impressive formula, liberally spattered with 
es, cs, hs, and a few zs and 4/s for good measure. Being a theore- 
tician, he never bothered to work it out numerically. It was 
several years before anybody had enough curiosity to substitute 
the numbers in it and work out the answer. 

Ten centimetres. 


Chapter 2 Motion without Movement 


“GEOMETER: @ species of caterpillar’ — 
~~ Old Dictionary 


Geometry is one of humanity’s most powerful thinking tools. The 
visual sense dominates our perceptions, and geometrical intuition 
is largely visual. In geometry it is often possible to see (quite 
literally) what is going on. Pythagoras’ theorem becomes almost 
obvious, given the pictures in Figure A, 


Figure I 


Furthermore, theintuitive feeling evoked by the picture can, with 
a little care, be turned into a logically satisfactory mathematical 
proof that the theorem is true. And because of the appeal to in- 
tuition, it is a very convincing proof. 

Geometry in the style of Euclid (which until recently was the 
only kind of geometry that most people ever encountered) eschews 
pictorial arguments in favour of a stilted and essentially algebraic 
(i.e. symbol-manipulative) kind of reasoning, based on the con- 
cept of congruence of triangles and an accompanying reduction of 
all geometrical ideas to properties of triangles. 

The notion of congruence is intuitive enough: two triangles are 
congruent if they have the same shape and the same size. But what 
children often find very difficult is the way that congruent triangles 
are used to prove theorems. The first ‘ difficult’ theorem in Euclid 
was a notorious stumbling-block precisely because of the com- 
plicated juggling of congruent triangles in its proof. (There were 
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other problems: in the 1850s schoolboys not only had to repro- 
duce Euclid’s proofs; they also had to use the same letters on their 
diagrams!) 

As it happens, Euclid had several very good reasons for pro- 
ceeding as he did. The overwhelming one was a wish to develop 
all of geometry from a few simple basic principles by strictly 
logical argument. It is true that later ages have found holes in the 
logic, but these can be filled. However, most children do not ap- 
preciate the need for logical proofs. At any stage in mathematics, 
one’s definition of ‘logically rigorous’ tends to boil down to ‘it 
convinces me’; though of course a professional logician takes a 
lot of convincing! A substantial part of mathematical education 
consists of revealing flaws in apparently convincing arguments 
and showing the student that he ought not to be convinced by 
them. If we wish to teach children geometry, we should either 
settle for proofs that they find acceptable, or we should be pre- 
pared to spend a lot of time improving their critical faculties; in 
which latter case a course in logic might be more helpful than a 
course in geometry! 

But it is counter-productive to show a child a proof which is 
merely convincing, and which later turns out to be completely 
fallacious. The long-term effects would be confusion and distrust. 
We need ways of convincing the child of the truth of certain 
theorems which /ater can be filled out into logical proofs. The 
above pictures for Pythagoras’s theorem are the sort of thing I 
mean. Before they can be made into a rigorous proof we have to 
work on the concept of ‘area’. 

In other words, the mathematics should reflect the intuition. 

Euclid (whoever he was) certainly possessed a strong geo- 
metrical intuition — otherwise his book could never have been 
written. But he did not possess the right kind of mathematical 
tools to express the intuitive ideas directly, and with great in- 
genuity he resorted to the paraphernalia of congruence, and the 
rest. Mathematical developments originating in the nineteenth 
century have now provided such tools; the ideas involved have 
filtered down into the schools and are included in ‘modern 
mathematics’ programmes under the names ‘transformation 
geometry’ or ‘motion geometry’. 
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Overturning Euclid 


The theorem referred to above as ‘the first difficult theorem in 
Euclid’ is the one about isosceles triangles: the angles at the base 
of an isosceles triangle are equal, | want to begin by giving Euclid’s 
proof of this theorem; unlike that usually given in school geo- 
metry it does not use any constructions related to the mid-point 
of the base. This is because when Euclid wants to prove it he does 
not yet have a proof that lines possess mid-points, and so cannot 
use the concept. 

In the diagram of Figure 2 we have produced AB to a point D 
and AC toa point E, in such a way that AD = AE. We have then 
drawn lines DC and EB. Euclid’s argument is as follows: 


A 


D z 


Figure 2 


(i) Triangles ACD and ABE are congruent (two sides and 
the included angle). 

(ii) Hence / ABE = £ ACD. 
- (iii) Hence also DC = EB. 

(iv) Therefore triangles DBC, ECB are congruent (three 
sides). ‘ 

(v) Hence / DCB = / EBC. 

(vi) From (v) and (ii) it follows by subtraction that 
1 ABC = £ ACB, as required. 

The steps in the proof may appear more transparent if we draw 


? 
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a kind of strip cartoon of the main stages of the argument, as in 
Figure 3. 

It is very striking (particularly in the cartoon) how everything 
comes in pairs. Side ABis on the left, AC on the right, and they are 
equal. Triangle ACD is on the left, ABE on the right, and they are 
congruent. And so on. Finally, 2 ABC is on the left, 2 ACB on 
the right: they are equal, and the theorem is proved. 

This is a strong hint that if we can find a way of changing right 
to left and left to right, then everything should be obvious. The 
proof cries out for such treatment. But how can it be achieved? 

Put this way, the answer is simple: turn the triangle over. If you 
make a cardboard isosceles triangle, draw round it, and then turn 
it over, you will find that it fits exactly. Rather than experimenting 
we can argue thus: if we turn it over so that A stays where it is and 
AC lies along the old line AB, then since the angle at A is the same 
measured in either direction, it follows that AB now lies along the 
old line AC. Since the distances AB and AC are equal, the new 
position of C is the old one of B, and the new position of B is the 
old one of C. So B and C have changed places. But now every- 
thing is determined, and all the sides fit; and new £ ABC is lying 
on top of old £ ACB, so the two are equal. 


Arguments against the Motion 


C. L. Dodgson, in one of his more mathematical works,’ records 
the following conversation: 


MINOS: It is proposed to prove [the theorem] by taking up the isosceles 
triangle, turning it over, and then laying it down again upon itself. 
EUCLID: Surely that has too much of the Irish Bull about it, and re- 
minds one a little too vividly of the man who walked down his own 
throat, to deserve a place in a strictly philosophical treatise? 

MINOS: I suppose its defenders would say that it is conceived to leave a 
trace of itself behind, and that the reversed triangle is laid down upon 
the trace so left. 


This disposes of one possible objection to our procedure. But 
there is another, deeper objection; and one which would have 
seemed particularly insurmountable to the ancient Greeks: the 


These two triangles are con- 
gruent, so the marked angles 
are equal, 


Hence these two triangles 
are congruent, and _ the 
marked angles equal. 


Compare the marked 
angles... 


...and we find that these 
are equal. 


Q.E.D. 
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whole concept of motion takes on a dubious aspect in view of 
Zeno’s paradoxes. This may well have been the reason why 
Euclid turned to the safer congruence arguments, 

Zeno listed four paradoxes. One will suffice here to suggest the 
general flavour.” In order to move from a point A to another 
point B, it is first necessary to move to a point C midway between. 
But before moving to C, it is necessary to move to a point D mid- 
way between A and C. And before moving to D ... It would 
appear that the motion can never begin! 

The problem here is not as straightforward as it looks, and the 
ancient Greeks were well aware of the fact. In consequence, any 
reference to motion in a supposedly logical proof would have 
been considered a flaw. In the real world, of course, things do 
move; but an appeal to experimental evidence does not con- 
stitute a proof. 


An Amendment to the Motion 


In fact we shall sidestep completely the problems raised by Zeno’s 
paradoxes, by a careful reformulation of our ideas. 

Take hold of your cardboard triangle, turn it over, and put it 
back where it came from. Is it relevant to the proof on page 11 
where the triangle goes in between? Does it make any difference 
if you flip it over deftly, or wave it around, or dance around the 
room to the Blue Danube waltz? Or if you walk out of the house, 
catch a train to Liverpool, hitch-hike home, and then put it back 
down? 

As long as it gets put back in the same place as before, it makes 
no odds where it has gone in between. Indeed, it need not have 
gone anywhere: wave the magic wand and it just flips from one 
position to the other. More precisely, since it makes no difference 
where it goes in between, we do not need to talk about where it 
goes in between, and as a result we need not assume that it goes 
anywhere. What we do need to know is where each point of the 
triangle finishes up. 

To do this we must have a way of labelling the points of the 
triangle, and the easiest way is to label all the points of the plane 
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once and for all, so that we do not need to do everything all over 
again for a new diagram. It matters little in principle which label- 
ling we adopt, but a particularly convenient one is furnished by 
coordinate geometry: each point in the Euclidean plane is labelled 
by its coordinates (x, y) with respect to some fixed choice of axes. 

Suppose for definiteness that our axes are marked off in centi- 
metres. Suppose we wish to move 5 cm to the right. Where does a 
given point (x, y) end up? 


Figure 4 


We can work this out from Figure 4. The y-coordinate is clearly 
unchanged, while the x-coordinate increases by 5. The point 5 cm 
to the right of (x, y) is (x+5, y). 

Notice now that (x, y) does not, in fact, move at all. Look at the 
point (2, 3), then at (7, 3). Did (2, 3) move? Then what is it doing 
still sitting at (2, 3)? It is essential to our labelling system that the 
points of the plane do not move. What does move is our attention. 
If a triangle had its vertices at (1, 1), (2, 1), and (1, 4), and if it 
moved 5 cm to the right, then its vertices would be at (6, 1), (7, 1), 
and (6, 4), as in Figure 5. 

What we now have is not one triangle, but two; one lying 5cmto 
the right of the other. By transferring our attention from one to 
the other we can achieve, without any actual movement, the effects 
which would be obtained with movement. (Incidentally, this helps 
to explain Minos’ idea that the triangle should leave a ‘trace’: we 
do rather more, and leave the whole triangle!) 
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Figure 5 


The way in which our attention changes can be specified by the 

scheme 

(1, 1)>(6, 1) 

(2, 1)>(7, 1) 

(1, 4)>(6, 4) 
and in general 

(x, y)>(+5, y). 
We introduce a symbol, say 7, which will mean ‘the point 5 cm to 
the right of’. So 

7, 1) = 6, 1) 
reads: ‘The point 5cm to the right of (1, 1) is (6, 1)’, and in 
general 

T(x, y) = (x+5, y) (t) 

reads: ‘The point 5 cm to the right of (x, y) is (x +5, y)’. 

This new symbol T accomplishes much the same objects as the 
instruction ‘move 5 cm to the right’. But it doesn’t actually move 
anything; it just tells us where things would go if they did move. 
Furthermore, everything we need to know about 7 is captured in 
the formula (+), which can be taken as a definition of T; indeed as 
a definition of ‘move 5 cm to the right’. 

Anything like T is called a transformation of the plane. A trans- 
formation F is considered to be known if, for every point (x, y), 
we know which point is F(x, y). We might specify it by a formula, 
such as (t); but any definite way of finding F(x, y) would do. To 
each motion (in the intuitive sense) corresponds a transformation 

C.M.M.-2 
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Fsuch that 
F(x, y) = the point to which an object 
placed on (x, y) would move. 

The transformations have the advantage that, although motivated 
by the idea of movement, they do not explicitly involve that idea, 
and hence avoid the taint of Zeno’s paradoxes. Using transfor- 
mations we can create the kind of mathematics in which the idea 
‘turn the triangle over and lay it down on top of itself’ has a 
sensible interpretation, with no logical pitfalls. 


Rigidity 
It is instructive to work out which transformations correspond to 
given motions. For example, the motion ‘reflect in the x-axis’ 
corresponds to the transformation G such that 

G(x, y) = (x, —y) 
and ‘rotate through 90° clockwise’ corresponds to H, where 

H(x, y) = (y, —x). 
These can easily be read off from Figures 6 and 7. 


Figure 6 


Conversely, we can work out which motion corresponds to a 
given transformation. Thus if K satisfies 
K(x, y) es (x+3, y-—~—2) 
then the corresponding motion takes everything 3 cm to the right 
and 2 cm downwards, 
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Figure 7 


More complicated transformations can be investigated by 
plotting where a few points go. Thus if 
I(x, Y) = (x?, xy) 
we can compute: J(1, 1) = (1, 1), J(2, 3) = (4, 6), etc. and plot 
the resulting points on graph paper. This particular transforma- 
tion takes the square with vertices (1, 1), (1, 3), (3, 1) and (3, 3) 
into the shape shown in Figure 8. 


sie bee 


Figure 8 
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Thus this transformation J distorts the shape, bending and 
twisting it. This is not the sort of transformation that one usually 
wants in geometry; if we are allowed to stretch and bend things 
then all triangles will be interchangeable and nothing of interest 
results. 

The sort of transformation we need for coordinate geometry 
corresponds to rigid motions, that is, movements which do not 
change shapes or sizes. Our argument about the isosceles triangle 
will not hold if the triangle changes shape when turned over. The 
transformations G, H, K above correspond to rigid motions, but J 
does not. 

The essence of a rigid motion is that it does not stretch or shrink 
anything. No two points move closer together or further apart. 
In other words, points always stay the same distance from each 
other. We can express this algebraically by taking coordinates 
in the Euclidean plane. Now in coordinate geometry there is a 
formula for the distance between two points (x, y) and (u, v), 
based on Pythagoras’s theorem; namely: 

V[(x—u)? +(y—v)?]. 
If a transformation Fis such that 
F(x, y) = (x, y’) 
F(u, v) = (u’, v’) 
then the distance between F(x, y) and F(u, v) is 
V(x’ —u')? +0 —0')?]. 
So F corresponds to a rigid motion provided the two distances are 
always equal, no matter which points (x, y) and (u, v) we choose. 
Squaring up, this means that 
(x—u)? +(y—v)? = (x’—u'? +’ —v'? 
for all (x, y) and (u, v). A transformation F will correspond to a 
rigid motion if and only if it satisfies this equation. If we wish, we 
may define a rigid motion to be such an F, thereby identifying the 
formal concept with the intuitive one. 

In fact, by playing about with this equation, one may produce 
somewhat simpler characterizations of rigid motions. However, 
it would take us out of our way to ‘pursue this tack. The point I 
want to make is that it is possible to specify a rigid motion as a 
special kind of transformation. 
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Translation, Rotation, Reflection 
We now look at three special kinds of rigid motion. The trans- 


lation (or slide) moves every point a fixed distance in a fixed 
direction (Figure 9). 


Figure 9 
The rotation: fix a point P (the centre of rotation), and move 


every point around P through a fixed angle 0, as shown in Figure 
10. 


Figure 10 


The reflection: choose a line /, and reflect the points of the plane 
as if in a mirror placed along the line (Figure 11). 
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Figure 11 


Using coordinate geometry we can easily work out the corres- 
ponding transformations, For example, a rotation through angle 
@ about the origin gives the transformation R, where 

R(x, y) = (x cos 0—y sin 0, x sin 0+-y cos 8). 
From the formulae for these transformations we can also check 
various properties suggested by intuition: that they do indeed 
give rigid motions, that a rotation through @ followed by a rotation 
through ¢ gives a rotation through 0+¢, and so on. 

We single out these three types of motion because they seem to 
involve quite distinct principles. Each takes a fairly simple form, 
as do the expressions for the corresponding transformations. We 
do not single out any other kinds of rigid motion, because every 
rigid motion of the plane can be obtained by a succession of 
translations, reflections, and rotations. Pictorially this follows 
from Figure 12. 


(i) We start witha triangle ABC and any rigid motion U. 

(ii) By a translation T we can make T(A) and U(A) coin- 
cide. 

(iii) Then a rotation S about the point U(A) brings T(B) 
into coincidence with U(B). 

(iv) Finally reflection in the line U(A)U(B) brings S(T(C)) 
into coincidence with U(C). 


UB) 


Figure 12 
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(Of course, in certain cases we may not need one of these 
steps.) 

We have used a triangle here. It is a consequence of the two- 
dimensionality of the plane that any rigid motion is uniquely 
specified by what it does to a (non-degenerate) triangle, whence it 
is sufficient to consider only triangles. We have proved that: any 
rigid motion of the plane can be obtained by a translation, fol- 
lowed by a rotation, followed by a reflection (possibly with some 
stages omitted). 

Obviously the reflection is needed only when the motion turns 
figures over. So a motion which leaves everything the same way up 
can be obtained as a translation followed by a rotation. (With 
further analysis, one can say more than this.) Suppose we apply 
two reflections, in (possibly) different lines. The first turns things 
over, the second turns them back the right way; so both reflec- 
tions one after the other leave things the right way up. This means 
that the result of a double reflection is the same as some transla- 
tion followed by some rotation. This fact is a good deal less ob- 
vious than several we have mentioned, but it emerges without 
difficulty from our work. 

The result above can be expressed as follows: if U is any rigid 
motion, then there exists a translation 7, a rotation S, and a re- 
flection R, such that for any point X¥ = (x, y) 

U(X) = R(S(T(X))). 

(We need the usual proviso that any of R, S, T may be omitted in 
certain cases.) A more concise notation suggests itself. Given two 
transformations E, F we can define EF by 

EF(x, y) = E(F(x, y)). 
If E corresponds to a rigid motion (which we also call E) and F 
to a rigid motion (F) then EF corresponds to the motion ‘first do 
F, then do E£”, (This is because when we work out E(F(x, y)) we 
first find F(x, y), and then E of that. It is a pity that the motions 
come out in the wrong order;* a similar phenomenon occurs in 
evaluating log sin (x) when we first work out sin (x), then take 
the logarithm.) 

Earlier on we had two rigid motions giving rise to transfor- 
mations G, H, such that 


a 
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G(x, y) = (x, —y) 
(x; y) = (y, —*) 
We compute GH as follows: 
GH(x, y) = G(H(x, y)) 
= G(y, —x) 
= (y, x). 
(Notice that for the last line we have to remember that the symbols 
x and y are quite arbitrary: we could just as easily have specified 
that G(u, v) = (u, —v), and then we can substitute y for u and x 
for v). 
If we draw a diagram (Figure 13) we can see that this corres- 
ponds to the rigid motion obtained by reflection in the diagonal 
line y = x. 


Figure 13 
Call the corresponding transformation D, so that 
D(x, y) = (Y, x). 
Then we have shown that 


GH(x, y) = D(x, y) 
for any point (x, y). It seems only reasonable to take this as 
meaning 
GH = D: 

If you go back to the corresponding motions and experiment, you 
will find that this equation checks. If you rotate through 90° 
clockwise and then reflect in the x-axis, the result is the same as a 
reflection in the line y = x. So our computation agrees with ex- 
periment. 
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If instead of GH we work out HG, we have 
HG(x, y) = H(G(x, y)) 
= H(x;'—y) 
at (3. > aX) 
which now corresponds to a reflection in the other diagonal 
y = —x. Notice that GH # HG. There is really no reason, apart 
from habit, to suppose that GH and HG should be equal; but any- 
way the example shows that they need not be. This is why we must 
be careful as to whether EF means ‘first F, then E’ or the other 
way around. 
We can now rewrite our equation in the very simple form 
U = RST. 

The fact that we can define a ‘product’ EF suggests the possi- 
bility of an ‘algebra’ of transformations. Pursued in one direc- 
tion this idea leads to linear algebra, which we discuss in Chapter 
15. In another direction it leads to group theory (Chapter 7). 


Back to the Theorem 


We have disgressed somewhat from the isosceles triangle which 
started us on our way, but we have now built up the machinery we 
need to make the ‘turn it over’ proof respectable. To someone 
who has had enough practice with manipulating transformations, 
the instruction alone will suffice. More cautiously, we should 
argue something like this: 

There is a transformation 7 corresponding to a reflection in the 
line bisecting 2 BAC. Because rigid motions keep distances un- 
changed (and therefore also keep angles unchanged) it follows that 
T(A) = A, T(B) = C, and T(C) = B. Thus applying T to 2 ABC 
yields £ ACB. Since the sizes of angles are unchanged, we have 

LABC = LT(A)T(B)T(C) = L.ACB 
which is what we had to prove. 

Once you get used to it, this really is easier to follow than 
Euclid’s proof; and the mathematics follows the same line of 
argument as the intuitive idea ‘turn it over’. 

Now we can use the transformation concept to talk about rigid 
motions, without having Zeno’s ghost breathing down our necks, 
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This opens the way to new and simplified proofs of many standard 
theorems of geometry. We give two examples: 

(1) If two angles of a triangle are equal, then the triangle is 
isosceles. 

Let the triangle be ABC, with angles at A and B equal. Reflect 
about a line perpendicular to the mid-point of AB. At first sight 
we expect a picture like Figure 14. 


ty 


A B 
Figure 14° 


But equality ofanglesat A and Bimplies that thereflected triangle 
lies exactly on top of the unreflected one, so that AC is equal to 
BC. Therefore the triangle is isosceles. 

(2) Equal arcs of a circle give rise to equal chords. 

Let A, B, X, Y be points on a circle, centre O, with arc AB 
equal to arc XY (in length) as shown in Figure 15. 

Rotate the figure about O so that A falls on X. Then because of 


Figure 15 
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the equality of arc lengths B falls on Y, so chord AB falls on chord 
XY, and the two are equal. 

You should now be able to think up other geometrical theorems 
which can be proved by our methods. Naturally, to carry out 
such a programme for the whole of geometry requires more work 
in setting up the basic notions, and not every geometrical theorem 
will be a direct consequence of properties of rigid motions. In fact, 
those which are direct consequences become essentially trivial, 
and we can concentrate on the less straightforward geometrical 
properties. Use of rigid motions helps us to sift out the really in- 
teresting results from among masses of trivia. 


Chapter 3 Short Cuts in the 
Higher Arithmetic 


‘One of the endearing things about 
mathematicians is the extent to which 
they will go to avoid doing any real 
work’ — Matthew Pordage 


Primitive man’s consciousness of numbers may well have arisen 
from a desire to keep track of the important things in his life. 
How many sheep/arrowheads/wives do I have? How long before 
the spring floods? These questions focus attention on the counting 
numbers 1, 2, 3. . . although the abstract concept ‘number’ came 
much later than the practical use of the idea. That two sheep and 
two wives have something in common — namely ‘two-ness’ — is by 
no means obvious, and is not appreciated by very young children 
who nevertheless can distinguish between one sheep and two 
sheep. 

To these counting numbers other societies added other num- 
bers, each according to its needs. The Hindus invented zero. 
Fractions were introduced to handle division of materials into 
parts. Negative numbers made their appearance; giving first the 
system of integers... ; —3, —2, —1,0, 1, 2, 3,... ; and the nega- 
tive fractions, leading to the rational numbers p/q for integers 
p, q— for example, 1/2, 17/25, — 11/292. Greek geometry and the 
needs of the calculus led to the real numbers — including numbers 
like 1/2 which cannot be represented as rational numbers — and 
attempts to solve algebraic equations gave rise to the mysterious 
complex numbers by insisting that —1 should have a square root 
and assuming that it did. 

At each stage in this development there were vast intellectual 
battles as to whether these newfangled things really were num- 
bers. 

As it happens, all these numbers fit together into a grand 
»cheme (Figure 16). 

The arrows here mean that the number system at the head of the 
arrow contains all the numbers of the system at the tail, together 
with some extras. 
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Figure 16 


Further, in each system it is possible to perform ‘arithmetic’. 
These similarities help to explain why the word ‘number’ was 
persistently attached to the objects of each of these multifarious 
systems. The essential arbitrariness of the entire development be- 
came forgotten, and ‘number’ acquired a quality akin to divine 
revelation, 

None of the numbers in any of these systems have any existence 
in the real world. I have yet to meet the number 2 in my travels. 
I have come across 2 sheep, and insofar as I could establish at the 
time their behaviour was consistent with the numerical properties 
of that number, but I have never met the number itself. Certain 
properties of the real world can be described using numbers; the 
numbers are abstract constructs derived from real-world be- 
haviour. 

Different physical situations need different mathematical de- 
scriptions. To count how many wives we have we need only 
counting numbers; to weigh our gold we need fractions. A Greek 
geometer wanting to know the length of the hypotenuse of an 
isosceles right-angled triangle needed numbers like +/ 2. A Renais- 
sance mathematician solving a cubic! equation found a use 
for / —1. 
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There are many important mathematical systems which are not 
called ‘numbers’, as a result of historical accident and human 
psychology; but which arise in circumstances just as practical as 
those systems which are called ‘numbers’. They often have pro- 
perties in common with ‘numbers’ and can even be used to in- 
vestigate them. The distinction between the numerical and the 
non-numerical is as arbitrary as the belief that ‘numbers’ are god- 
given is illusory. 


Arithmetic in Miniature 


A particularly interesting mathematical system is that which is 
sometimes referred to as modular arithmetic. Such a system 
arises in any situation in which events repeat themselves in cyclic 
fashion: the hours of the day, the days of the week; or the mea- 
surement of angles, where 360° is the same as 0°, 361° the same as 
1°, and so on. 

Suppose we number the days of the week from 0 to 6, starting at 
Sunday, as in Figure 17. 


Sunday 
Saturday Monday 
Friday Tuesday 
Thursday Wednesday 


Figure 17 


If we continue the numbering, day 7 is Sunday again, day 8 Mon- 
day, day 9 Tuesday ... . In a certain sense we might say that 
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7=0,8=1,9 =2,..., where of course ‘=’ does not have 
quite its usual meaning! We can also work backwards: day —1 is 
the day before Sunday, which is Saturday, so —1 = 6; similarly 
—2 = 5. The entire system of integers becomes wrapped around 
the circle of days, roughly as in Figure 18. 


Figure 18 


Itisnot hard to give a general criterion for which numbers fall on 
which day of the week: 


Sunday: ove, —14, —7,0,7,14,... 

i.e. numbers of the form 7n 
Monday: ...,—13, —6,1,8,15,... 

i.e. numbers of the form 7n-+-1 
Tuesday: ...,—12, —5,2,9,16,... 

i.e. numbers of the form 7n+2 
Wednesday: ..., —11, —4,3,10,17,... 

i.e. numbers of the form 72+-3 
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Thursday: ..., —10, —3,4,11,18,... 

i.e. numbers of the form 7n+-4 
Friday: eee 5—9, —2, 5, 12, 19,... 
i.e. numbers of the form 7n+5 

Saturday: ..., —8, —1,6,13,20,.... 

i.e. numbers of the form 72+-6 
(Numbers of the form 7n+-7, of course, are equal to 7(n+1) and 
so of the form 7n.) 


The day corresponding to a given number is determined by the 
remainder that number leaves on division by 7. These remainders 
are always 0, 1, 2, 3, 4, 5, or 6. if we indulge in a kind of 
‘arithmetic of remainders’. Let us agree that a statement like 

4+5=2 
carries the interpretation ‘day 4 plus 5 days is day 2’, which is 
quite a natural one, we can build up an addition table for the 
‘numbers’ 0-6 as follows: 


ero 23 4 3.6 
RR ie ile ae TI Sa a 
Bi ge tate a ee i 
22 Sm Or ay oe 
apo he 6 eae 
ae ee Ok er 
TO) We We Dit te Ml Sah 
Ta SO |e eee ae a ae 


This table embodies the essential structure of the 7-day cycle. If 
we are asked ‘ What is 751 days after Thursday?’ we rephrase it as 
4+751 =? 
Now 751 isn’t in our table, but we observe that 
751 = 7.107+2 
which is of the form 7” +2, so that 751 = 2. So now we have 
44+2=?7 
and from the table, ? = 6, which is a Saturday. 
This ‘addition’ has its individual quirks: for example 
1+1+1+1+1+4+1+1 =0, 
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but interpreted in days this makes perfect sense, and one soon gets 
used to such peculiarities. 

Emboldened by our success we might try to define multiplication 
for this system. Certainly it makes little sense to multiply Sunday 
by Monday; we avoid this problem by ignoring it.* If 3x6 is 
going to make any sense at all, it should be equal to 6+6-+6. 
From the table, this is 4. So we define 

3x6 = 4, 
However, it would be equally reasonable to demand that 3 x6 
ought to be 3+3+3+43-+43-+3. Perhaps this gives a different 
answer? But when we work it out, we get 4 again. We might argue 
that since 3 = 10 then 3 x 6 ought to be 10 x 6 or 60 — but 60 — 4. 
Whatever it is that we are doing, it does at least give consistent 
results, which is encouraging. 

By use of the same repeated addition we build up this multi- 
plication table (try it!): 


TY, DAS Eh Sm ER he. 
01:'0000000 
AS a Sa es Be 
210 204 6 2 Bis 
310356 2 Sidi 
4/0 4.4.5 2:6)3 
718 8 16s Ae 
0 oy A Ses Se Se He 2 | 


The end result of our efforts - the numbers 0-6 and the two 
tables — is known as the system of integers to the modulus 7 (or 
integers modulo 7 for reasons of linguistic purity, or integers mod7 
for convenience). The fancy word ‘modulus’ is there only to signal 
the role played by the number 7. There is nothing special here 
about 7, any other number would do. If we had started with the 
hours on the face of a clock we would have had numbers 0-11 and 
arithmetic modulo 12 (or 0-23 and mod 24 for a 24-hour clock); 
in general any integer can serve as modulus. All you do is imagine 
a ‘week’ with that number of days, and proceed as before. 
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Congruences 


In 1801 C. F. Gauss, reckoned to be one of the three greatest 
mathematicians who have ever lived, published the Disquisitiones 
Arithmeticae. This was a treatise on the theory of numbers; that 
is, properties of the ordinary system of integers. Gauss, of course, 
was interested in deeper ideas than the simple numerical compu- 
tations which comprise elementary arithmetic. Number theory, 
from its subject-matter, may sound very easy; on the contrary it is 
one of the most difficult branches of mathematics and bristles 
with unsolved problems. 

His opening section, on which all of his subsequent work was 
based, begins with this definition: 


If a number a divides the difference of the numbers 5 and c, then b 
and c are said to be congruent* relative toa... The number a is called 
the modulus. 


(By ‘number’ Gauss meant ‘integer’.) 
If 6 and c are congruent to the modulus a we shall write 
b=c (mod a). 

If it is clear from the context which modulus is being used, 
reference to it may be suppressed. 

To see how this links up with our previous work, let’s look at 
congruences mod 7. If 5 and c are congruent mod 7 then there 
exists an integer k such that 


or that 

b = 7k+e. 
Thus the numbers congruent to a given number c are precisely 
those of the form 7k-++c. The numbers congruent to 1 mod 7 are 
those of the form 7k+1. 

Given any number b we can divide it by 7 and find the re- 

mainder r, so that 

b =7q+r 
from which it follows that 5 is congruent to r (mod 7). Since these 
remainders can take only values between 0 and 6, we know that 
every number is congruent (mod 7) to one of 9, 1, 2, 3, 4, Sor 6. 
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In Figure 18, the numbers on the spiral which lie above day 0, 
Sunday, are those of the form 7n; in other words, those congruent 
to0. Thenumbersabove day 1 are those congruent to 1. In general, 
the numbers above day dare those congruent to d. 

Now it so happens that congruences can be added or multiplied, 

in the same way that equalities can. More precisely, if 


a=d' (mod m) 

and 
b=) (mod m) 

then 
at+tb=a'+b’ (modm) 

and 


ab = 'b’ (mod m). 

Let me pause to prove this. The proof uses only elementary 
algebra. From the first two congruences we know that there are 
integers j and k such that 

a= mj+d 
b = mk-+5’. ) 
To show that a+5 and a’+5’ are congruent, we must show that 
their difference 
(a+b)—(a'+b’) 
is divisible by m. Substituting from (+) we see that this expression 
is 
m(j—k) 
which is manifestly a multiple of m. Likewise, to prove the second 
assertion we must look at 
ab—a'b’ 
which reduces to 
m(ka+jb—jkm), 
also a multiple of m. 

This means, for example, that from the facts that 1 = 8 and 
3 = 10 (mod 7) we can deduce that 1+3 = 4 is congruent to 
8+10 = 18; and that 1 x3 = 3 is congruent to 8 x10 = 80. Asa 
check, the differences 14 and 77 are both divisible by 7. 

Our earlier assertion that, in the arithmetic of the days of the 
week, 4+5 = 2, can now be restated more accurately as: 

44+5=2 (mod 7). 
Our addition and multiplication tables are tables of congruences, 
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rather than equalities ; and an entry such as 4x5 = 6 carries the 
information that if any number congruent to 4 is multiplied by one 
congruent to 5, then the result is always congruent to 6. The arith- 
metic of congruences mod 7 allows us to throw away multiples of 
7 if we wish, which has obvious applications in situations where 
moving 7 places on gets you back to the beginning. 

Using congruences mod 10 it is possible to explain why all 
perfect squares end in 0, 1, 4, 5, 6, or 9, but not in 2, 3, 7, or 8. All 
numbers are congruent mod 10 to something between 0 and 9, so 
all squares are congruent to the squares of 0, 1,..., 9. Calcu- 
lating, these are congruent to 0, 1, 4, 9, 6, 5, 6, 9, 4, 1 respectively. 
Since the remainder on dividing a number by 10 is its last digit (in 
the base 10), these last digits are all that can occur. 

A great many other arithmetical occurrences can be explained 
in a similar way. 


Division 

In arithmetic mod n we can add and multiply numbers much as in 
ordinary arithmetic. It is also possible to subtract. The problem of 
dividing one number by another is more interesting, because the 
answer depends on which modulus you use. 

Suppose we wish to give a meaning to 4/3 (mod 7). As yet, the 
symbols have no meaning; we are free to give them any meaning 
we wish. But we want 4/3 to have some connection with division, 
which limits our choice. The most natural definition would be to 
let 4/3 be whichever number ~ satisfies the equation. 

3x =4 (mod 7). 
If you look at the multiplication table, you will find that there is 
precisely one value of x which will work, namely x = 6. So in 
arithmetic mod 7 we can define 

4/3 = 6. 

In the same way, if p and q are any two numbers between 0 and 6, 
we should want p/q to be equal to y, where 

qy =p (mod 7). 
Now qy is the number appearing in row q and column y of the 
multiplication table. In order for the congruence to have a 


36 Concepts of Modern Mathematics 


solution y, the number p must occur somewhere in row q. And in 
order to have a unique solution, p must occur only once in row q. 
(If there are two or more solutions, we don’t know which one to 
take for p/q.) 

The multiplication table (mod 7) is such that in every row apart 
from row 0 each number occurs once and only once. So we can 
find a unique solution of the above congruence for any non-zero q. 
This means that we can define p/q when q + 0. This is not much 
of a restriction, because we don’t expect to be able to divide by 
zero in any case. 

If instead we work to the modulus 6, what happens? The multi- 
plication table now takes the form 


FONE ASS TAI SB aa: 
ED FO A). 
PEO 2238S 
AO 2 4 Oe Qe 
240.37 O30. 3 
4,0 420 4 2 
PR A ie NS a a a 


with very different consequences. Only in rows 1 and 5 does each 
number appear. In row 2, only the numbers 0, 2, and 4 appear, 
each twice. In row 3, only 0 and 3 appear. So we can divide by 1 
or by 5 without any difficulty. But there is no way to define 1/2, or 
3/4. And there are two different candidates for 4/2 (namely 2 and 
5), and three candidates for 3/3. What a mess! How different from 
the modulus 7! 

There is no good way out of this dilemma. One must accept that 
in the modulus 6, division is not always possible; the situation is 
a good deal worse than what happens for the integers (not to any 
modulus). Although we cannot divide one integer by another and 
get an integer, in general, we can enlarge the system of integers 
into the rational numbers and do division in the larger system. 
Moreover, the larger system satisfies all the ‘laws of arithmetic’ 
(such as a+b = b+-a) which the system of integers does. 

We cannot enlarge the system of integers mod 6 into anything 
where division is possible, and the laws of arithmetic still hold. 
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(We shall have much more to say about these ‘laws’ in Chapter 6.) 
By ‘enlarge’ I mean ‘add a few more “‘numbers”’ ’. Note that the 
integers mod 6 cannot be enlarged to get the ordinary integers, 
because that would involve changing the multiplication table and 
the addition table; instead of enlarging the system we destroy it. 

This is because there are too many Os in the multiplication table. 
There are cases where the product of two non-zero numbers is 
zero: for example 

2x3 =0 (mod 6). 
Suppose we could enlarge the system into one where we could 
define 1/2 to be something — say a. Then, using the laws of arith- 
metic, and the notation ‘.’ for‘ x ’, we have 
3 =1.3 =(a.2).3 =a.(2.3)=a.0 =0 (mod 6) 
which isn’t true. So if we want an enlarged system, it won’t satisfy 
the laws of arithmetic. 

The same trouble will arise in any modulus m where the product 
of two non-zero numbers can be zero. 

By writing out multiplication tables to the moduli 2, 3, 4, 5,... 
it becomes apparent that division (except by zero) is always pos- 
sible if the modulus is 2, 3, 5,-7, 11, 13, 17,... and is not always 
possible if it is 4, 6, 8,9, 10, 12, 14, 15, 16,... It doesn’t take a 
genius to recognize the pattern. The first list of numbers looks like 
the sequence of prime numbers (with no divisors other than them- 
selves and 1); the second seems to be the composite numbers 
(which can be expressed as a product of two smaller ones). 

We can easily prove that with a composite modulus, division is 
not always possible. Suppose the modulus is m, where m = a.b 
and each of a and 4 is smaller than m. Then neither a nor d is con- 
gruent to 0 (mod m), but their product a.b is m, which is congruent 
to 0. We noticed earlier that 2.3 = 0 (mod 6), and this is just a 
more general case of the same thing. In the same way that we 
deduce that 1/2 cannot be defined, it follows that (mod m) we 
can’t define 1/a (or 1/5) in any useful way. 

This disposes of the composite moduli. What of the prime 
moduli? For all we know, there could be some prime moduli 
where division is not always possible. Our evidence only covers 
the first few primes, but perhaps for a very big prime (maybe too 
big to compute a multiplication table)something different happens. 
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Let us take a prime number p. Let ¢ be anything not congruent 
to zero (mod p). Recall that division by t will be possible provided 
each number (mod p) occurs exactly once in row ft of the multi- 
plication table. Let us first establish that no number occurs twice. 
If it did, there would be two distinct numbers (mod p), say u and 
v, such that 

tu = tv (mod p) 
whence 
t(u—v) =0 (mod p). 

So, reverting to ordinary integers, the product t(u—v) is divisible 
by p. But if a prime number divides a product of two numbers, 
then it must divide one of them. If p divides ¢, then tf = 0 (mod p), 
which is impossible by our choice of ¢. If p divides (u—v) then 
u = v (mod p), which is also impossible. So our assumption that 
the same number occurs twice in row ft leads to an impossibility. 
It must, therefore, be a false assumption. We are left with only 
one possibility: no number occurs twice in row t. 

There are exactly p spaces in row ft, and exactly p different 
numbers (namely 0... p—1) which can appear. If we can’t put 
any in twice, then the only way to make up the numbers is to 
put each one in once. (This is known as the ‘pigeon-hole prin- 
ciple’.) So each number occurs exactly once in row t. By what we 
said before, this implies that we can define division by tina unique 
manner. 

Here is an amusing application, to the famous ‘Fermat num- 
bers’. In 1640 Fermat asserted that all numbers of the form 

27"+1 
are prime, but remarked that he could not prove this. The first 
few are 3, 5, 17, 257, and 65 537, which are prime. Euler, in 1732, 
showed that Fermat was wrong; the next number in the sequence 
is 2°*+-1, and this is divisible by 641. Euler found this by explicit 
calculation. But once we know what the answer is, there’s an 
easier way. 

Observe that 641 is prime, and that 641 = 2*+-5* = 1+5.27. 
Working to the modulus 641 we have: 

27 = —1/5 
so that 
28 


2/3; 
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whence 
932 — (+2 /5)* 
2°1S* 
—1 
(using the first equality above for 641). Therefore 237+-1 is 
divisible by 641. 


i tl 


Two Famous Theorems 


Congruencescan be used for more thanjust numerical calculations. 
They are particularly important in the theory of numbers; and I 
shall illustrate this by proving two famous theorems. The proofs 
are not hard to understand once you see them, but, as E. T. Bell® 
has said, ‘. . . It is safe to wager that out of a million human beings 
of normal intelligence of any or all ages, less than ten of those who 
had no more mathematics than grammar-grade arithmetic would 
succeed in finding a proof within a reasonable time — say a year.’ 

If you work out successive powers of numbers to the modulus 7, 
you will find that they repeat the same sequence over and over 
again. For instance, the powers of 2 are 


2 =1 23 =1 2°=1 
Hay | eat hg 
22=4 25 =4 28 = 4... (mod 7) 


and the pattern 1, 2, 4, 1, 2, 4, 1, 2, 4 repeats for ever. For powers 
of 3 the pattern is 1, 3, 2, 6, 4, 5 repeated; and there are similar 
patterns for the other numbers, as you can easily check for your- 
self. 

It is easy to see that once some power becomes equal to 1, the 
sequence must repeat. Since 3° = 1, it follows that 37 = 3', 
38 = 37, etc. To the modulus 7, every number other than 0 
satisfies 

x®=1 (mod 7) 
(although for certain values of x something less than 6 will also 
work). 

If you do the necessary arithmetic, you will see that for the 
modulus 5 every non-zero number satisfies 

x*=1 (mod 5), 


C.M.M.—3 
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for modulus 11 the result is 
x9 =] (mod 11) 
and for 13 
xi2=1 (mod 13). 
I’m restricting attention to prime moduli because the pattern is 
more obvious there. It looks very much as if we should have 
xP-l =] (mod p) 
for any prime p and any x not congruent to 0 (mod p). 
One way to prove this can be illustrated by working modulo 7. 
The non-zero numbers mod 7 are 


12 3.4.5 6. 
If we double all these we get 
2:4:6,1.,3, 5, 
which are the same numbers in a different order. So the products 
} se ae a 
and 
214:0.1.3,5 


are congruent mod 7. But the second one is also congruent to 
(1.2).(2.2)(3.2)(4.2)(5.2)(6.2) (mod 7) 
which is 
: 2° .(1.2.3.4.5;6), (mod 7) 

Therefore 

1.2.3.4.5.6 =2°.€1.2.3.4.5.6) (mod 7) 
and dividing out we get 

1 = 2° (mod 7). 
The same thing happens if we triple all the numbers: 

we now get 


20 2'5.3°% 
and the same argument leads to 
1 = 3° (mod 7). 


Now we'll do the general case mod p. Since p is prime we know 
that every number appears exactly once in row x of the multipli- 
cation table mod p. So the numbers 

(1.x), (2.x),...,((p—1).x) 
are just 1,...,p—1 in a different order. Multiplying them all 
together gives 


x?-4(1.2...(p—1)) $1.2... (p—1) (mod p) 
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so dividing both sides by 1.2. . . (p—1) we get 

xP-l=] (mod p) 
and the theorem is proved. 

A simple application of this theorem tells us that 
7'8—] = 1 628 413 597 910 448 

is divisible by 19, without our doing any division. In deeper 
number-theoretic work, the general theorem is indispensable.’ It 
is known as Fermat’s theorem (not to be confused with Fermat’s 
last theorem !*), 


4 


The second theorem tells us more about the product 


1.2...(p—1) 
which occurred in the proof of Fermat’s theorem. Can we evaluate 
this mod p? 


When p = 7 the product is 


P24. 5:6: 
If we rewrite this as 

1.(2.4)(3.5).6 
we find that it is congruent to 

1.1.1.(—1) 


which is —1. The pairing off of numbers is chosen to make the 
products of pairs 1. 
We can do the same sort of thing mod 11: 
1.2.3.4.5.6.7.8.9.10 
= 1.(2.6)(3.4)(5.9)(7.8).10 
= 1.1.1.1.1.(—1) 
= —1, 
Or mod 13: 
1 £233 /4°9.6)7.8:910511 512 
= 1.(2.7)(3.9)(4.10)(5.8)(6.11).12 
= 1.1.1.1.1.1.(—1) 
= —|, 

Inthe generalcasewe take the numbers 1, 2,..., »—1 and pair off 
each number with its reciprocal. This cancels out all the numbers 
except those which equal their reciprocals: 
these satisfy 


x = I/x (mod p) 
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or 
x? =1 (mod p) 
which is the same as 
x?—-1=0 (mod p) 
which factorizes: 
(x—1)(x+1) =0 (mod p). 
So either x = 1 or x = —1.So wecan rewrite 
1.2...(p—1) = 1.(2..2).... (2. 9.(—1) 
= —1, 
This proves that for any prime number p, 
1.2...(p—-1) = -1 (mod p) 
which is known as Wilson’s theorem. 

If instead of p we take a composite number m, the theorem is 
false. For if m is composite, it, has some factor d << m—1. Then 
d will divide 1.2 ...(m—1), and so will leave remainder 1 on 
dividing 1.2 ... (m—1)+1. This means that m cannot divide 
1.2...(m—1)+1. 

Theoretically we have a test for prime numbers. To find out 
whether a given number g is prime, we work out 

1.2...(q¢—1)+1 
and divide by q. If there is no remainder, q is prime: if there is a 
remainder, g is composite. Thus 
1.2:3.4.5:6+1 = 721 
is divisible by 7, so 7 is prime; 
1.2.3.4.5+1 = 121 
is not divisible by 6, so 6 is composite. 

However, even for a relatively small number like 17 we have to 
work out 1.2... 16+1, which is 20 922 789 888 001, and divide 
by 17. The test is not a practical one, even on a fast computer. 

But it is a striking theoretical result: that one could test for 
primes without trying possible divisors. 
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‘IT have had occasion to read aloud 

the phase ‘‘where E’ is any dashed {i.e. 
derived|set’’. It is necessary to place the 
stress with care’ —J. E. Littlewood 


Almost any book on ‘modern mathematics’ talks about sets, and 
is liberally bespattered with strange symbols like €, ©, U, A, 9. 
The present volume will be no exception, although I shall try to 
keep the symbols to a minimum. There is a good reason for this 
obsession with sets. Set theory is a language. Without it, not only 
can we not do modern mathematics, we can’t even say what we are 
talking about. It is like trying to study French literature without 
knowing any French. We shall need to use some of the language 
of set theory in the remainder of the book; hence this chapter. 

A set is a collection of objects: the set of all English counties, 
the set of all epic poems, the set of all red-headed Irishmen. The 
objects belonging to the set are the elements or members of the set 
(we shall use both terms indiscriminately). Thus Paradise Lost is 
a member of the set of all epic poems; Kent is an element of the 
set of all English counties, Although in introducing set theory it is 
helpful to work with concrete sets, whose members are real 
objects, the sets of interest in mathematics always have members 
which are abstract mathematical objects: the set of all circles in 
the plane, the set of points on a sphere, the set of all numbers. 

Many of the concepts of set theory can be vividly illustrated 
using simple apparatus: a few small objects (pencil, eraser, pencil- 
sharpener, some marbles, a sugar mouse, etc.) The objects (or 
some of them) will be the elements of the set; the set itself will 
consist of the chosen objects inside a bag. (It is crucial to have the 
bag.) To find out whether or not a given object is a member of the 
set, you look in the bag and see. For this reason, polythene bags 
are best! You may find it helpful to have such apparatus on hand 
for what follows. 

We shall build up an algebra of sets. As in ordinary algebra, we 
shall use letters to represent sets and elements. To help keep track 
we shall generally use small letters for elements and capital letters 
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for sets, but it is impossible to keep rigidly to this convention 
because sets can themselves be elements of other sets (put one bag 
inside another!) If Sis the set of all epic poems, and if x is Paradise 
Lost, then x is a member of S. The phrase ‘is a member of’ occurs 
so often that it is convenient to have a symbol; the one currently 
in use is €.1 So 
xeS 

means ‘x is a member of S’. 

A set is considered to be known if we know what its elements 
are — or at any rate if in theory we can find out. There are many 
ways of specifying a set, of which the simplest is to list all the mem- 
bers. In this way the electoral roll defines the set of people en- 
titled to vote. The standard notation for this is to enclose the list 
in curly brackets. So {1, 2, 3, 4} is the set whose members are 
1, 2, 3, 4 and only these, while {spring, summer, autumn, variansd 
is the set of seasons. Figure 19 shows the set 

{pencil, marble, sugar mouse}. 
The curly brackets play exactly the role of the polythene bag. 


ily dine okie 


O 


Figure 19 


Two sets are equal if they have the same elements. Although we 
can put two pencils into a polythene bag, we cannot put the same 
pencil in twice (unless we take it out in between). Unhappily, 
there is no such physical restriction on our curly bracket notation; 
we can easily write things like {1, 2, 3, 4, 4, 4}. Read literally, this 
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is the set whose members are 1, 2, 3, 4, and 4, and 4. There is a 
passage in Winnie-the-Pooh? where Pooh keeps saying, ‘Oh, and 
Eeyore. I keep forgetting about him,’ when Rabbit is listing the 
inhabitants of the forest. Despite being mentioned several times, 
there is only one Eeyore in the forest. In the same way, although 
we may list the number 4 several times, there is only one 4 in the 
set, which is thus equal to {1, 2, 3,4}. When using the curly 
bracket notation, elements listed more than once are thought of as 
occurring once only in the set. 

Again, there is no particular order to the objects in a bag. The 
curly-bracket notation introduces an artificial ordering because of 
the convention that we read from left right. The set {1, 3, 2, 4} has 
the same elements as {1, 2, 3, 4}, so is the same set. The order 
inside the brackets makes no difference. 

You may ask, ‘But what if I want to put two pencils in the set?’ 
If they are different pencils, there is no problem: put them both in. 
Since they are different, you are not putting anything in twice, just 
two similar objects once each. If they are the same, you haven’t got 
two pencils, 

These conventions are eminently reasonable. If your name 
appears twice on the electoral roll, does that entitle you to two 
votes? Does the order on the roll carry any electoral privileges? 

More generally, a symbol such as 

{all epic poems} 
denotes the set of all epic poems. A variation of this idea allows 
us to write 
{x | x is an epic poem} 
for the same set. The vertical bar may be read as ‘such that’; and 
the set of all x such that x is an epic poem is the same as the set of 
all epic poems. The set 
{n | nis an integer and 1 <n < 4} 
is the same as the set 
{1):-2, 3) 4}. 
Instead of a list, we give a property which specifies precisely the 
elements we wish to be included in the set. If we are careful with 
our definitions, making sure that we specify the exact property we 
want, this is as good as a list, and is usually more convenient. For - 
sets with infinitely many members, such as {all whole numbers}, it 
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is in any case impossible to give a complete list. The same is true 
for sets with a sufficiently large finite set of elements. 

The word ‘collection’ has unfortunate overtones (which is why 
we introduce the word ‘set’). The mathematical notion of a set 
allows sets with only one member — or even no members at all — 
whereas ‘collections’ usually have lots of members. If you were 
asked to look at a stamp collection containing only one stamp you 
might feel unimpressed. (On the other hand, if that stamp were 
a certain one-cent black-on-magenta British Guiana stamp of 
1856, of which only one copy is known. . .) Now if we specify 
a set by some property it may turn out later that there is only one 
object with that property, or none at all. But often this is not 
apparent when the set is specified; and it would be stupid to have 
*sets’ floating around which might or might not, on looking hard 
enough, actually be sets. Thus {n | n is a whole number greater 
than 1 such that the equation x”+y" = z” has a solution in non- 
zero integers x, y,z} has at least one member, namely 2. But 
nobody has any idea whether or not it has any more. It is a very 
difficult problem in number theory? which has been unsolved for 
over 300 years. Whether or not this is a set should not have to 
depend on solving the problem; but it may turn out that 2 is the 
only member. So we must allow sets to have only one element, if 
that’s what turns out to happen. 

Sets with one element must not be confused with the element 
itself. It is not true that x and {x} are equal. This is easily seen 
using bags (Figure 20): 


OME PERN = 


Figure 20 
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and is confirmed by the observation that {x} has just one member, 
namely x, while x may have any number of members depending 
on whether or not it is a set, and if it is, which set. 


The Empty Set 


For exactly the same reasons that we allow sets with just one 
element, we have to allow sets with no elements at all. The set of 
all unicorns at present residing in Bexhill is, to the best of my 
knowledge, such a set. ’ 

A set with no elements is called an empty set. (Think of an 
empty polythene bag.) I 

A fact now emerges which many people find surprising: there 
is only one empty set. All empty sets are equal. Perfect democracy 
prevails. Recall that two sets are equal if they have the same mem- 
bers. If they are unequal, then they do not have the same mem- 
bers, so one of them must have at least one member that the other 
does not have. In particular, one of them must have a member. 
If they are both empty, this is not the case; so they are not un- 
equal. Therefore they must be equal. 

This may seem odd. It is an example of ‘vacuous reasoning’, 
where the desired property holds, as it were, by default. Often 
trivial ideas are hard to grasp. One assumes one is looking for 
something substantial when in truth there is nothing there, and so 
one believes that one has failed to see what one was looking for. 
Any two empty sets are equal because, in the absence of any mem- 
bers to distinguish them by, there is no way to tell them apart. 
The contents of two empty bags are identical. 

A sugar mouse has no members. Am I asserting that a sugar 
mouse is equal to the empty set? 

Indeed I am not. The proof applies only when we have two sets. 
The best I can say is that ifa sugar mouse is a set, and if (as seems 
likely) it has no members, then it is equal to the empty set. 

Having established that there is just one empty set we can give 
it a symbol: the current one being 


i) 
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which is not a Greek phi (4) but a special symbol concocted from 
a ‘0’ and a ‘/’, The empty set is not ‘nothing’; nor does it fail to 
exist. It is just as much in existence as any other set. It is its mem- 
bers that do not exist. It must not be confused with the number 0: 
for 0 is a number, whereas 9 is a set.* 

9 is one of the most useful sets in mathematics. One of its uses 
is to express concisely that something does not happen. Let U 
denote the set of unicorns in Bexhill. Then 

U=90 

tells us that there are no unicorns in Bexhill. 


Subsets 


Often one set is part of (as distinct from a member of) some other 
set. The set of all women is part of the set of all human beings; 
the set of all even numbers is part of the set of all whole numbers. 
Again the phrase ‘part of’ has unfortunate connotations, and 
mathematicians have been forced to invent a new word to denote 
the precise concept involved. 

A set S is said to be a subset of a set T provided that every 
member of S is a member of 7. Every member of the set W of all 
women is a woman, hence a human being, hence a member of the 
set H of all human beings. So W is a subset of H. We use the 
notation*® 

WOH 
to describe this, so the symbol © should be read as ‘is a subset 
of’. We also say that W is contained in H. 

A ‘bag’ picture for the concept ‘subset’ is more contrived than 
our earlier examples. If S is a set consisting of a pencil and an 
eraser, while 7 consists of the same pencil and eraser, plus three 
marbles, then the arrangement of bags in Figure 21 is decidedly 
misleading. 

It looks as if we have just one set, whose members are 


(i) three marbles, 
(ii) a set whose elements are a pencil and an eraser. 
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Figure 21 


Figure 22 is a better picture; but to get this working practically 
one needs an arrangement of interpenetrating bags. (These are 
indicated by dotted lines.) 


Figure 22 


Certain facts follow at once from our definition of ‘subset’. 
Every set is a subset of itself — because all of its members are mem- 
bers of it. Further, the empty set 9 is a subset of any set you care 
to name — by another piece of vacuous reasoning. If it were not a 
subset of a given set S, then there would have to be some element 
of 0 which was not an element of S. In particular there would have 
to be an element of 9. Since 9 has no elements this is impossible. 
(These are two reasons why the phrase ‘ part of’ is misleading: the 
part may be the whole thing, or it may be empty.) 

One nice property of subsets is that a subset of a subset is itself 
a subset: if AS Band BS Cthen A € C. For if every element 
of A is an element of B, and if every element of B is an element of 
C, then every element of A is an element of C. 
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Our remarks about the ‘systems’ of numbers at the start of 
Chapter 3 is really about sets and subsets. We introduce some 
standard notation® for sets of numbers (which we shall use con- 
sistently throughout). To remind you that it is standard, we use 
bold type. 


N is the set of whole numbers 0, 1, 2, 3,.... 

Z is the set of integers... —2, —1,0,1,2,.... 

Q is the set of rational numbers (of the form p/q where 1) 
and q are integers and g + 0). 

R is the set of real numbers (representable by infinite deci- 
mals, not necessarily recurring: numbers like 1/2 or z). 

Cis the set of complex numbers (which we won’t use much, 
but it should be mentioned here). 


These sets are among the ‘systems’ mentioned. The ‘grand 

scheme’ into which they all fit can be expressed as: 
NEOZOQEREC. 

By the above remark it follows that N € Q, or that Z © R, and 

the like. 

It is important not to confuse © with €. The two concepts have 
little in common. The subsets of {1, 2, 3} are the sets @, {1}, {2}, 
{3}, (1, 2}, {1, 3}, {2, 3}, and {1, 2, 3}. The elements of {1, 2, 3} are 
1, 2, and 3. Further, it is not the case that if A € Band Be C then 
AéeC,’ 


Unions and Intersections 


Sets may be combined together to give other sets. Out of a con- 
ceivably infinite number of possible ways of combining them, a 
very small number have been found useful. Prominent among 
these are the union and intersection of sets. 

The union of two sets S and T is the set whose elements are 
those of S, together with those of T. We use the symbols 

a 7. 
Thus if S = {1, 3, 2, 9}and T = {1, 7, 5, 2} then 
SOF set. 3, 2.9, 7.5}. 
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If 
P = {all women under 35 years of age} 
Q = {all bus-conductors} 
then P U Q will be the set of all people who are either women 
under 35 years of age, or bus-conductors (including those who 
are both). 
In a similar fashion the intersection 
SOT 
is the set whose members are the elements which are common to 
Sand T. In the above examples we have 
SOT = {1, 2} 
P © QO = {all women bus conductors aged under 35}. 
With polythene bags, and the two sets S and T of Figure 23 


Figure 23 


-hen S U T is the set obtained by putting all the objects into a 
single bag (Figure 24) 


Figure 24 
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while S 4 T consists of the objects which lie in both bags simul- 
taneously (Figure 25). 


Figure 25 


Instead of drawing the bags from the side, we might instead use 
a top view (Figure 26). 


Figure 26 


Then S U T and S ¢q T are the sets of objects in the shaded 
regions of Figure 27. 


Sul SoT 
Figure 27 


Now we can forget about the contents of the bags. A general 
picture of SU Tand S 4 T, for any two sets S and 7, will be as 
shown in Figure 28. 
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SvuT J GRE 


Figure 28 


Diagrams like these, with circles to represent bags (i.e. sets) 
and shading to indicate where the relevant objects (elements) lie, 
are known as Venn diagrams after their inventor. 

The symbols U and M® obey various general laws, in the same 
way that addition and multiplication of numbers obey certain 
general laws. For example, whatever sets we take for A and B, itis 
always the case that 

AUB=BUA 
AQAB=BO A, 
For A U Bconsists of all the elements of A and all the elements of 
B, which is the same as all the elements of B and all the elements 
of A. If you draw a Venn diagram, then A U B and BU A are 
both the region obtained by shading in both circles representing 
A and B. Similarly for A 4 B, only now the region will be that 
common to A and B. 
If A, B, C are any three sets, then 
(AUB)UC=AU(BUC) 
(ANB) ANC=AN(BNC). 
The first of these says that if we combine together the elements of 
the three sets, it doesn’t matter in which order we do it; the second 
that if we take the elements common to all three sets, again the 
order is irrelevant. You could draw the Venn diagrams: this time 
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you will need three overlapping circles. I’ll illustrate the method 
on yet another law. 
Thereare two laws which connect together the operations U and 
©. For any three sets A, B, C, we have 
(AUB)NC=(ANC)U(BNC) 
(AN B)\UC=(AUC)N(BUC). 
The first of these is shown by the Venn diagrams of Figure 29. 


(AnC)u(BnaC ) 
Figure 29 


Instead of using Venn diagrams to demonstrate set-theoretic 
laws, we could use membership tables.? An element is in S U Tif 
it is in S, or in T, or both. It is in S A Tif it is in S and in T. If 
we write ‘I’ for ‘in’ and ‘O’ for ‘out’ these remarks can be 
summed up by two tables: 


Sue Siw Ps Ya A GY ae i 
Re | I eR I 
ea I ‘Aes O 
a I 2 ee | O 
Oo O O Oo Oo O 


(For example, the third line in the S U T table reads: ‘If an 
element is out of S and in 7, thenit isin S U f ge | 
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To prove the second of the above laws connecting U and n, 
(AN B)UC=(AUC)N(BYUC), 
we consider the eight different possible ways elements can be in or 
out of A, B, and C; for each of these we tabulate whether or not it 
is then in, or out of,(A \ B) U Cand(A UC) A(BU C). 


A BC) Ans da abwwxc 


Lee I I 

oe oe I I 

1 eo Baap | O I 

0: O O 

3 Os a O I 

O MO O O 

OO: Ft O I 

Oo 2-0 O O 

And 

AB Ci Gu GCHCvu cy Mweaeuc) 
A any I I I 
ee. @ I I I 
i Oey I I I 
, RS 8 I oO O 
ey ae I I I 
BoE: Oo I O 
0 Oo !I I I I 
000 O O Oo 


Notice that the two final columns are the same. So an element is 
in (AO B)UC if it is in (A UC) A (BU O), and is out of 
(A -O B) u Cif it is out of (A UC) N(B U C),. But this implies 
that the two sets are equal, and proves the result. 

With Venn diagrams (once you understand in what way they 
represent general sets) you can see why an identity is true. With 
membership tables you can prove it. 
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Complements 


Another useful method of combining two sets A and B is to take 
their difference 

A—B 
which consists of those elements which are in A but not in B. In 
a Venn diagram it looks like Figure 30. 


y A B 


A-B 


Figure 30 


The corresponding membership table is 


AB | A+B 
Ee O 
WG, [ 
O.4 O 
3 2 a 


The complement S' of a set S is the set of all elements which do 
not belong to S. If we let V be the set of all possible elements — 
everything, of any kind, which could be a member of some set —- 
then S’ = V—S. So S’ is represented by the shaded region in 
Figure 31. 


Figure 31 
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I find this set V somewhat daunting to contemplate. It con- 
tains so many things! All possible numbers, dogs, cats, people, 
books, . . . all possible concepts . . . , all sets. In fact, since Visa 
possible element, V is a member of V. In many respects V is too 
large. In a discussion about dogs, if one wishes to talk about all 
non-sheepdogs, it is pointless to worry about camels. 

In any particular problem, the sets one is concerned with often 
lie inside some reasonably small universal set. If we are talking 
about dogs, we could take our universal set to be the set of all 
dogs. It might be more convenient instead to use the set of all 
animals. There is no fixed way of choosing a universal set. But 
once we have chosen one we can use it instead of V. The comple- 
ment S’ will consist of those elements of the universal set which 
are not in S; that is, those things of the type we are considering 
which do not lie in S. As long as we know which universal set we 
are dealing with, no ambiguity arises. 

Taking complements reverses inclusion relations between sets. 
If SS Tthen 7’ © S’. This is because, if there are more things in 
T than in S, then there are fewer things not in T than there are not 
in S. It is obvious from a Venn diagram (Figure 32). 


Figure 32 


Taking complements of sets is closely related to negating state- 
ments. We can use set theory to solve certain kinds of logical 
problems. Consider this list of statements: 


(i) Animals which cannot be seen at dusk are grey. 
(ii) The neighbours do not like things that keep them 
awake. 
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(iii) Anything that sleeps heavily snores loudly. 

(iv) The neighbours like animals which are visible at dusk. 
(v) All elephants are heavy sleepers. 

(vi) Anything that snores loudly wakes the neighbours. 


We can turn these into set-theoretic statements, by putting 


A = the set of things that wake the neighbours, 

B = the set of things that sleep heavily, 

C = the set of things that snore loudly, 

D = the set of animals that are visible at dusk, 

E = the set of elephants, 

F = the set of things liked by the neighbours, 
and G = theset of grey things. 


Then statement (i) says that anything not in D is in G, that is, 


(i) D'cG. 
Similarly the other statements become 
(ii) ASK 
(iii) Bec 
(iv) DCF 
(v) ECB 
(vi) Cc A. 


Taking the complements of D and F, we can deduce from D ¢ F 
that 
Fs Dd’, 
Now we can string all the statements together: 
ECBOCEACF'SCD'SG 
and since a subset of a subset is a subset, these imply that 
EcG, 
i.e., all elephants are grey. 

There is much more to the connection between set theory and 
logic. The idea was first thought of by George Boole (1815-64), 
and the consequent theory is known as Boolean algebra.'° 

Using complements we can explain a phenomenon which you 
may have noticed already. The various set-theoretic identities, or 
‘laws’, seem to come in pairs. If I take a law involving the signs 
U and O, and turn all the Us into Ms and all the As into Us, the 
result is another law. The laws mentioned in the section on unions 
and intersections were in fact written down in such pairs. 
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This is no accident. It is a consequence of two more identities, 
known as De Morgan’s Laws: for any sets A and B, we have 
(Au BY =A 0B 
(A qn BY =A UB’, 
Even these come in pairs. Now anything not not ina set Sis in S, 
and conversely; so S” = S. So we can rewrite these as 
AUB=(A' nN BY 
AQNB=(A' UBY. 
Take any set-theoretic law, such as 
(AUB)NC=(ANC)U(BNC). 
Change all the As, Bs, and Cs to their complements, obtaining 
(AUB)NC=(A NC)U(B OC’. 
This is also a law, because the first equation is true for any sets 
A, B, and C. Now take complements of both sides: 
(A UBYACY =(A AC)UB' NC) 
and use De Morgan’s laws, as rewritten in (f), to simplify. The 
left-hand side becomes 


(1) 


(A UVBY UC 
which on further application of (+) is 
(AN BUC. 
(You must remember that A” = A, B” = B, C” = C.) Similarly 
the right-hand side is 
(A nCYaABaACY 
or 
(AUC) A(BUC). 
So we have shown that 
(AN B)UC=(AUC)N(BYLQD), 
which is the original law, with Us and ns interchanged. The same 
method works for any law which involves only unions and inter- 
sections. 
In consequence, our work in proving theorems is halved: for 
every theorem we prove we get a second free of charge. 


Geometry as Set Theory 


Euclid makes an attempt to define certain basic geometrical 
objects, such as ‘point’ and ‘line’. For instance, a point is sup- 
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posed to be something that has position but no size. If you analyse 
the idea of ‘position’ it turns out to be as difficult to define as 
‘point’; and the two concepts chase each other round in circles. 

Now any definition must start somewhere. The dictionary de- 
fines ‘the’ as ‘ the definite article’.11 If you didn’t know what ‘the’ 
meant this would not be very helpful! Euclid tried to relate his 
idealized points and lines to objects in the physical world. Un- 
fortunately nothing in the real world behaves exactly like his ideal 
objects. Even very small sub-atomic particles have some size. 
(Indeed, if quantum theory is right, the whole idea of size becomes 
hazy for very small distances: it is physically impossible to 
measure distances smaller than, say, a trillionth of a centimetre. 
To do so would require so much energy that you’d blow what you 
were measuring to bits.) One way round this is to take the basic 
ideas of point and line as undefined terms, and then state how you 
wish them to behave. This is the modern version of the axiomatic 
method, and I shall have more to say about it in Chapter 8. 

The notion of a plane composed of individual points is an ap- 
pealing one. Another way to make it logically sound is to define 
‘plane’ and ‘point’ in terms of already known mathematical 
objects. We cannot define anything which is a plane in the physical 
sense, but we can define an object which behaves in the way that 
an idealized Euclidean plane should behave. 

As we remarked in Chapter 2, the ideas of coordinate geometry 
allow us to label each point of the plane with a unique pair (x, y) 
of coordinates. We now have a mysterious object ‘point’ asso- 
ciated with a straightforward object ‘pair of real numbers’. The 
straightforward object will do everything that we want the myster- 
ious one to do, If we are unwilling to indulge in mysticism, we can 
define a point to be a pair (x, y) of real numbers. The plane is com- 
posed of all points; so we can define the plane to be the set of all 
pairs of real numbers. 

What about lines? If you go back to coordinate geometry, you 
will find that a line consists of those points (x, y) that satisfy an 
equation of the form 

ax+by=c 
for fixed a, b, c, Forexample, 1.x-+(—1).y» = O gives the diagonal 
line through the origin from bottom left to top right. We can 
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define a line to be the set of all pairs (x, y) satisfying such an 
equation. In the same way, the equation determining a circle can 
be used to define a certain set of points, which corresponds to the 
geometrical idea of a circle. 

A point lies on a line, geometrically, if it is a set-theoretic mem- 
ber of the line. So a point lies on two lines Z and M if it is a mem- 
ber of L and a member of M, in other words, if it is a member of 
the intersection L M M. Set-theoretic intersection corresponds to 
geometrical intersection. 

Proceeding in this way, using coordinate geometry as inspira- 
tion, you can set up the whole of Euclidean geometry as a part of 
set theory. From the way that you want geometry to behave, you 
can construct a purely mathematical theory. But now, instead of 
indulging in deep metaphysical arguments about the ‘real’ geo- 
metry, you can say: here is a mathematical theory. It deals with 
things which I call ‘points’ and ‘lines’. I suspect that in the real 
world very small dots and very thin lines will behave in approxi- 
mately the same way. And then people can go away and do ex- 
periments, to see if you are right. And even if it turns out that with 
very exact measurements you are wrong, you will still have a nice 
theory. 

I now want to generalize the idea of pairs of numbers. It is im- 
portant to notice that the pairs we used above are ordered, that is, 
the pair (1, 3) is not the same as the pair (3, 1). Draw them on a 
sheet of graph paper. (This is in contrast to the unordered pairs 
{1, 3} and {3, 1} provided by taking sets; these are equal, as we 
agreed earlier.) 

Given any two sets A and B we can define’? ordered pairs (a, b), 
where a € A andb€ B. ‘Ordered’ means that 

(a, b) = (c, d) 
if and only if a = c and b = d. Then we can define the Cartesian 
product 
AXB 
to be the set of all possible ordered pairs (a, b), where a € A and 
be B. (The name is in honour of Descartes, who invented 
coordinate geometry.) 

Suppose that A = {A, 0, O} and B = {£, $}. We can picture 

A xX Bas shown in Figure 33. 
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"ie p< aml 


(A,£) (0,£) (0,2) 


(A,$) (0,9) ©,8) 


B AxB 


Figure 33 


Noticethat A x B is not thesame set as B x A. The latter contains, 
among others, the element (£, A) which is not in A x B. 

If we recall the notation R for the set of real numbers, then the 
plane, as defined above, is the set R x R. It is customary to use thé 
simpler notation R?. All of Euclidean geometry can be thought of 
as a study of the subsets of R?. 


Chapter 5 What is a Function? 


In elementary mathematics one comes across various objects 
designated by the term function: the logarithmic function, the 
trigonometric function, the exponential function. What these have 
in common is that for any number x the function takes a well- 
defined value, namely log(x), sin(x), cos(x), tan(x), e*, and so on. 
One also learns how to draw graphs representing functions, by 


log sin 


cos [= 


Figure 34 
plotting the value of the function at x against the value of x. 
Figure 34 illustrates this for four common functions, 
In traditional terminology x is the variable; and the function 
C.M.M.— 4 
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assigns to each value of the variable x another value y. If the 
function is denoted by some symbol such as f, we write 

y =f(x). 
If fis the function ‘log’ then y = log(x); if fis the function ‘sin’ 
then y = sin(x). 

Neither y nor x are functions. In fact it is very difficult to say 
exactly what they are. And f(x) is not a function either, because 
it is the value of the function at x. It is f that is the function. The 
‘variables’ x and y exist only to tell us what f does. The function 
“square of’ takes the value x? for any given value of x. This can 
be expressed briefly by the formula 

y=x? 
but Sanout being told in advance you would not be certain 
whether this formula was the definition of a function or an 
equation to be solved. 


On Formulae 


Most of the functions one meets in school mathematics can be 
defined by a formula: y = x?, y = /x, y = |x|, or more com- 
plicated ones like 
sin (x) 
1-+x 
This encourages a belief that mathematics is formulae; that the 
object of a mathematician’s life is to produce more and more 
complicated formulae and to use these to perform more and more 
difficult calculations. This is not so. Worse, a blind manipulation 
of formulae, without understanding what you are doing, can lead 
you into making any number of silly errors. The example I want 
to give involves calculus, but it is not used in any essential way 
and anyone who doesn’t know calculus should still be able to 
follow. 

I have in the past set classes the task of differentiating the 
function 


eX 


= log (log (sin (x))). 
If you follow blindly the standard rules of the calculus, you will 
obtain the answer 
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1 
log (sin (x)) sin (x) 


cos (x) 


or 

__ cot (x) 

log (sin (x)) 
Most members of the class were happy with this. I then asked 
them to sketch the graph of log (log (sin (x))). This caused great 
consternation, because it revealed that the formula didn’t make 
any sense. For any value of x, sin (x) is at most equal to 1, so 
log (sin (x)) <0. Since logarithms of negative numbers cannot be 
defined, the value log (log (sin (x))) does not exist; the formula is 
a fraud. 

On the other hand, the ‘derivative’ cot (x)/log (sin (x)) does 
make sense, for certain values of x; namely those where 
sin (x) > 0. 

Some people might enjoy living in a world where one can take a 
function which does not exist, differentiate it, and end up with one 
that does exist. I am not one of them. 

A given formula may not make sense for certain values of the 
variable x. Thus 1/x is not defined when x = 0, log (x) is not de- 
fined for x < 0, and tan (x) is not defined for x an odd multiple 
of 90°. More complicated formulae can go wrong in more com- 
plicated ways; thus 

log (x? met. 
x* —5x +6 
is not defined if —1 < x < 1, or if x = 2, or if x = 3. 

Again, there are many useful functions which are not easily 
definable using formulae. (A question which arises here is: which 
kinds of formulae? The function ‘sine’ is not definable by for- 
mulae unless you invent a new symbol ‘sin’.) For many purposes 
in mathematics we need functions like the integer part [x] de- 
fined by 

[x] = the largest integer < x. 
Or we might want a function such as that shown in Figure 35, 
defined by 
(x+1)? ifx < —1, 
f(x) = (0 if —1<x'< 1, 
(x—1)? ifl<~x. 
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Figure 35 


In the theory of Fourier analysis one encounters functions like 
the square wave (Figure 36). ; 


Figure 36 


For years mathematicians debated whether or not this was a 
function, It didn’t look like any of the familiar functions, and there 
seemed to be no formula for it. The problem got worse when 
Fourier showed that the infinite series 

sin (x)+4% sin (3x)+$ sin (5x)+... 
could be summed to give a square-wave function. For now we 
have the nice, homely trigonometric functions giving birth to a 
weird creature with corners! 

The ensuing squabble took a century or more to settle. In part 
this was because the problem ‘Is this a function?’ was jumbled up 
with others, like ‘What is an infinite series?’, but mostly it was 
because every mathematician had his own idea of what functions 
ought to look like, and couldn’t agree with anybody else. 


What is a Function? 67 


More General Functions 


We have seen that a function fneed not be defined for all values of 
the variable x. If f(x) is given by a formula, that formula does not 
necessarily make sense for all x. 

The values of x for which the function is defined form a subset 
of the set R of real numbers. This set is called the domain of f, and 
it tells to which values of x the function fcan be applied. 

From all the properties common to the examples of functions 
above, we single out one as being of overriding importance: the 
value of f(x) is uniquely specified for every element x of the domain. 

As well as the domain, there is another set associated with a 
function, and known as its range. This consists of all the possible 
values that the function may take, when evaluated on elements of 
the domain. The range of the function ‘sin’ is the set of real num- 
bers between —1 and 1. The range of the function ‘square of” is 
the set of positive reals. 

The range of even a simple function may be very complicated. 
The function f whose domain is the set of positive integers and 
which satisfies 

f&) =Ve) 
(positive square root) has as range the set of all square roots of 
factorials. It is hard to give a more helpful characterization than 
that! 

For this reason we are less interested in the precise range of a 
given function. It is often more useful to have some description of 
where the values lie, of a simple nature. Any set T such that all 
values f(x) lie in T will perform this role. Such a set T is called a 
target for f; and we say that fis a function from the domain D into 
the target T. 

A function, then, consists of three things: 


(1) adomain D, 

(2) a target T, 

(3) a rule which, for every x € D, specifies a unique element 
f(x) of T. 


Item (3) is the heart of the matter. 
It is important that f(x) be uniquely defined, so that there is no 
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ambiguity attached to it. Taking square roots does not define a 
function unless we specify whether we want the positive or nega- 
tive square root. It is also important that it be defined for every x 
in the domain, in order that knowledge of the domain may tell us 
when it is safe to use f. It is not particularly important to know the 
exact range of f— often this is very hard to work out, and we want 
to be able to use f without worrying about the problem — so we are 
free to choose Tin as convenient a way as we like. 

The only other term in (3) which requires explanation is the 
word ‘rule’. For the moment I shall assume that we all know what 
a ‘rule’ is: it is a way of working out f(x) given any particular x. 
But to this I should add that it is sufficient if f(x) is in principle 
calculable from x. In practice, the computations may be too hard 
or take too long to be possible; they might depend upon solving 
some very difficult problem. 

So far, the domain and target have always been sets of real 
numbers. But our conditions (1), (2), (3) make sense as long as D 
and Tare sets. Furthermore, rules of the type envisaged in (3) crop 
up naturally in situations where D or T are not sets of real num- 
bers. This remark is important for everything following, so I shall 
give several examples. 


(i) Let D be the set of all circles, T the real numbers, and 
for any circle x define 
f(x) = the radius of x. 
(ii) Let D be the set of positive integers, 7 the set of all sets 
of prime numbers; for any x € D define 
f(x) = the set of prime factors of x. 
(iii) Let D be a subset of the plane, let T be the plane 
(thought of as the set R*), and for x € D let 
f(x) = the point 5 cm to the right of x. 
(iv) Let D be the set of all functions, T the set of all sets, 
and for any function x define 
f(x) = the domain of x. 


In each case the rule which defines f(x) is unambiguous. Ex- 
ample (iii) is particularly interesting. In Chapter 1 we define a 


transformation T by * 
T(x, y) = (x+5, y). 
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This is the same rule that determines f; essentially there is no 
difference between T and /. 

The modern concept of ‘function’ is tailored to suit all of these 
examples. From now on a function will be anything that satisfies 
conditions (1), (2), (3), where D and T may be quite general sets. 
Our earlier functions are then a special kind, namely those whose 
domain and target lie inside the set of real numbers. 

The function f with f(x, y) = (x+5, y) is an example of what, 
in calculus, is known as a function of two variables. So functions of 
two variables also come under our general heading; for then the 
domain will be a set of pairs (x, y) of real numbers, or a subset 
of R?. 

The function concept is a strong contender for the most im- 
portant in contemporary mathematics, because it has such a wide 
range of applications. The idea of a function will turn up again 
and again as we proceed, in many different guises. For this reason, 
it is worth developing a few general notions about them. 


Properties of Functions 


If the domain and target are not subsets of R, it is not possible to 
draw a graph of the function. Indeed the graphical representation 
is not a very helpful picture for our generalized function concept. 
A better way to think of functions is shown in Figure 37. 


Figure 37 


The arrows in this picture represent the ‘rule’ which tells us what 


f(x)is. 
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The standard notation expressing the fact that fis a function 

with domain D and target T is 
f:-D—> T, 
which uses the arrow in the same way. 

In Figure 37 there is an element of T to which no arrow points. 
The range of fis not the whole of T. If the range of fis the whole 
of T, then fis said to be a function onto’ T. Another common 
word for such a function is surjection (from the Latin: fthrows D 
on to T). To put it in pictures, f is a surjection provided every 
element of T can be reached by going along some arrow, as in 
Figure 38. 


Figure 38 


It does not matter if, as is the case in Figure 38, certain elements 
of T lie at the end of more than one arrow. If every element of T 
lies on at most one arrow (perhaps on none) then fis an injection. 
Injections need not be surjective (Figure 39). 


Figure 39 


If we have a function f: D + T which is both an injection and a 
surjection, then the arrows pair off elements of D and 7: an 
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element of D at the tail end, an element of 7 at the head. No two 
elements of D are paired with the same element of 7, because / is 
an injection. No two elements of T are paired with the same ele- 
ment of D, because of the uniqueness clause in part (iii) of the 
definition of function. Every element of D occurs, because D is the 
domain; every element of T occurs because fis a surjection. Al- 
though it is not apparent from the notation, the situation is per- 
fectly symmetrical; and if we turn all the arrows round we define 
another function 
g:T>D 

in the opposite direction. And g is also both an injection and a 
surjection. (See Figure 40.) 


Figure 40 


¢ 


Functions which can be turned round in this way will play a 
prominent part in some of our later investigations. They are 
known as bijections, or as one-to-one correspondences. 

There is nothing to stop you turning round the arrows if fis not 
a bijection. But you won’t get a function. If fis not injective then, 
on turning round, some element of 7 will be at the tail end of two 
different arrows, and the reversed ‘function’ is not uniquely de- 
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fined. If fis not surjective, there will be elements of T for which 
the reversed function is not defined at all. 

In Chapter | we combined transformations F and G to give a 
new transformation FG, corresponding to the idea ‘do G and then 
do F”’. But transformations are a kind of function. Can we com- 
bine functions in the same way? 

Suppose we take two functions fand g, and try to define a func- 
tion fg. As for transformation, we want 

fa(x) = f(g) 
for the relevant x. 

For this formula to make sense, several conditions must hold. 

We can’t work out f(g(x)) unless g(x) is defined, so 


(i) x must lie in the domain of g. 
Then, to work out f(g(x)), we need to know that 
(ii) g(x) lies in the domain of f. 


Suppose then that f: A — Band g:C — D. The most we can hope 
for is that fg has domain C, because of (i). In order to define it on 
all of C, (ii) must hold for all x € C. In other words, the range of g 
must lie inside the domain A of f. If this condition holds then fg, 
defined by the formula, will be a function from C into B. This is 
illustrated in Figure 41. 


Figure 41 


The function fg corresponds to the idea ‘do g, then do /”. If 
we have three functions f, g, and A, and if their ranges and do- 
mains fit together properly, we could do all three in succession: 
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first h, then g, then f. There are two ways of accomplishing this by 
combining functions in pairs. Either do A and then do fg, or do 
gh and then do f. These correspond to the two expressions 

(fg)h f(gh). 
Fortunately these are always equal. It makes no difference in the 
end if we do ‘A and then g-and-then-f” or if we do ‘h-and-then-g 
and then’, In pictures, we have Figure 42. 


Figure 42 


Or instead we could calculate: 
(fa)h(x) = (fg)(h(~)) = (gh) 
f(gh\x) = f(gh)) =S(g(A()). 
Either way, we can see that always 
(fa)h = f(gh). 
We say that our method of combining functions satisfies the 
associative law. 

I said above the we could combine f, g, and A, provided their 
ranges and domains fit together properly. It is easy to see what 
this means: the range of A must be a subset of the domain of g, 
and the range of g must be a subset of the domain of f. Let’s go 
back to the fraudulent formula 

log (log(sin (x))). 
This is obtained from a combination of the functions sin, log, and 
log again. If we took A = sin and f = g = log above we would 
have log (log (sin (x))) = fgh(x). 
The domain of sin is the whole of R; its range is the set of reals 
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between —1 and 1. The domain of log is the set of positive reals; 
its range is the whole of R. The conditions which allow us to com- 
bine the functions are violated in several places: the range of 
log is not contained in the domain of sin, and the range of log is 
not contained in the domain of log. It is no wonder that the 
formula did not make sense! 

Finally, let us return to the idea of reversing arrows, and make it 
mathematically respectable. 

On any set D there is a function called the identity function, 
denoted by |p. It has domain D, range D, and is defined by 

1,(x) = x 
for all x € D. The effect of the function is to leave things un- 
changed. Not a very useful function? Assuredly, it is not a very 
difficult function. But it will be useful precisely when we wish to 
express the fact that a certain combination of functions leaves 
things unchanged. 

We had, earlier, a bijection /:D — T. Turning the arrows 
round gave another function g: T — D. To express this symbolic- 
ally, we note that everything is left unchanged by doing first g and 
then /: it travels up and down the same arrow. So 

fg = 1. 
Similarly (T) 
of = 1p. 
The equations (f) are a symbolic expression of the fact that fand 
g can be obtained from each other by reversing arrows. We can 
say that fis the inverse function to g (and that g is inverse tof). The 
word ‘the’ is permissible here because it is easy to prove that 
inverses are unique: there is only one way to turn arrows round. 


Summary 


This chapter has been a little technical. The important points to 
remember for the rest of the book are: 


A function is defined on some set. 
It takes values in some set. 
It is defined if we know a rule which tells us how to find its 
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value for a given element, and if this value is uniquely 
specified. 

Bijections, or one-to-one correspondences, are exactly 
those functions which have inverse functions. 


I have not expanded here on the word ‘rule’: I have relegated 
to the notes? a more abstruse definition of function in terms of 
set theory, because it is of purely technical interest. 


Chapter 6 The Beginnings of 
Abstract Algebra 


Early onin algebra you are asked to simplify algebraic expressions, 
such as 2x+(y—x). Later on you get so used to doing this that 
you just look at the expression, and the answer x+y presents 
itself without further thought. 

Familiarity breeds contempt. You forget just how many pain- 
ful stages you had to go through, how many different ideas you 
had to grasp,-before this facility was acquired. If you try to write 
out in detail the steps required to perform the simplification, you 
will find that there are quite a lot of them. The way I simplified it — 
‘analysed out’ — was this: 


2x+(y—x) = 2x+(y+(—x)) (1) 
= 2x+((—x)+y) (2) 
= (2x+(—x))+y (3) 
= (2x+(—1)x)-+y (4) 
= (2+(—1))x+y (5) 
=I1.x+y (6) 
=x+y. (7) 


Steps (1) and (4) are minor, amounting to the use of definitions of 
— x or of y—x, and step (6) is just arithmetic. But each ot the 
remaining steps uses the truth of certain general arithmetical 
laws — perhaps it would be better to say algebraic laws. At step (2) 
I assume that a+b = b+a. At (3) I use the law a+(b+c) = 
(a+6)+c. Step (5) uses the law ax+bx = (a+6)x, and step (6) 
the law 1.x = x. 

For the moment setting aside the laws relating to division, we 
can list the more important ones: 


(1) The associative law of addition: 
(a+b)+e = a+(b+ec). 
(2) The commutative law of addition: 
(qg+6) = (6+a) 
(3) The existence of zero: 
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There is a number 0 such that a+0 = a = 0+a for 
any number a. 
(4) The existence of additive inverses: 
For any number a there is a number — a such that 
a+(—a) = 0 = (—a)+a. 
(5) The associative law of multiplication: 
(ab)c = a(be). 
(6) The commutative law of multiplication: 
ab = ba. 
(7) The existence of unity: 
There is a number 1 such that for any number a, 
la = al =a. 
(8) The distributive laws: 
a(b+c) = ab+ac 
(a+b)c = ac+he. 

Although there are a lot of laws, this does not make algebra 
complicated. In fact, the more laws there are, the easier things 
become, because we have more ways to simplify expressions. 

Even some of our algebraic notation relies on the truth of some 
of the laws. The only reason we can write 

a+b+c 
unambiguously is because the associative law holds. 

Most of elementary algebra consists of using these laws to prove 
formulae (although it is not always presented in such a light). The 
formula 

(x+y)? = x?+2xy+y? 
can be derived as follows. First note that for any number a we 
define a® to be a.a, and 2a to be a+a. Second, note that a+b+c 
is a shortened form of (a+5)+c. Now proceed: 


(x+y)? = x+y)(x+y) (notation) 
= (x(x+y))+(e+y)) (law 8) 
= (xx+xy)+(yx+yy) (law 8) 
= (x?+xy)+(yx+y) (notation) 
= (x?+xy)+(xy+y?) (law 6) 
= ((x?+xy)+xy)+y? (law 1) 
= (x? +(xy+xy)) +y? (law 1) 
= (x?+2xy)+y? (notation) 


= x?7+2xy+y? (notation). 
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With a little more work, you could prove that the usual expan- 
sions of (x+-y)*, (x+y)*, hold good; or even give a proof of the 
binomial theorem (for integer powers); all using only laws (1)-(8). 


Rings and Fields 


The ordinary systems of numbers (Z, Q, and R) are not the only 
ones in which the laws (1)(8) hold. They also hold (though I 
won’t give a proof yet) for the integers modulo 6, for example. To 
take a few instances: 
(1+4)+3 = 543 =2 =14+7 =14+(44+3) 
2.9 = 4 = 5.2 
1.4=4=4.1 
3(2+5) = 3.1 = 3 = 043 = (3.2)4+(3.5). 

In consequence, the formula for (x+y)? will also hold for the 
integers modulo 6, because only laws (1)-(8) were used to derive 
it. 

There is nothing special about 6 here. The integers modulo 
2, 3, 4, 5, 6, 7,..., in fact modulo n for any , also satisfy (1)-(8). 
The formula for (x+y)? holds for these systems too, and has the 
same proof, 

Mathematicians are lazy creatures at heart. The labour of 
writing out a proof of the formula for each system of integers 
mod 2, mod 3, mod 4, mod 5, ..., seems too great to justify the 
results, particularly when the proof is the same every time. Why 
not agree that the proof will work for any system which satisfies 
(1)}{8)? To make matters clearer, why not give a name to such 
systems, so that we can avoid listing all eight laws every time? 

The name currently in vogue is: commutative ring with unity, 
This is a trifle cumbersome. A ring is any set S having two opera- 
tions + and . defined on it, such that if s and ¢ lie in S then s+t 
and s.t also lie in S, and such that laws (1)(5) and (8) hold. 
-(Here st is to be interpreted as s.t.) The ring is commutative if (6) 
also holds, It has a unity if (7) holds. The shortest name ‘ ring’ is 
used for the object most frequently encountered. But in this book 
we won’t encounter any non-commutative rings, because our 
source of examples is too limited. 
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The use of symbols x+y and xy for ‘addition’ and ‘multi- 
plication’ in the ring is just a convention — though a useful one! 
If instead we had used (1) and 2, we would want the corresponding 
laws to hold: law (8), in this form, would read 

a2(b Oc) = (a2 b) O (aac) 
(aO bac =(aace) 0 (020). 

The underlying set S of a ring need not be a set of numbers. 
Even for the integers mod 7, where S is the set {1, 2, 3, 4, 5, 6, 0}, 
the elements are not really numbers; in fact it doesn’t matter what 
they are as long as we use the tables on pages 31 and 32 to define 
addition and multiplication. Again, we might take any set 7, and 
put 

S = {all subsets of T}. 


We define, foraandbe 8S. 
a+b = (aU b)—(an bd) 
ab=anb. 


(See Figure 43.) 


a+b ab 


Figure 43 


It is now along but elementary exercise in set theory to show that 
laws (1)-(8) hold for these operations on S. The empty set @ plays 
the part of 0 in law (3), while T does for 1 in law (7). The two sides 
of (1) are both represented by Figure 44. 

What will x? be in this ring? Recall that x? = xx. The elements 
of xx are those which lie in both x and in x: in other words, 
those in x. So xx = x. The ring has the curious property that 
x? = x for every element! If we took T to be a set with n elements, 
then S has 2” elements; and we have a ring in which the quadratic 
equation 
—x =0 
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Figure 44 


has 2” solutions. If T is an infinite set, then the equation has 
infinitely many solutions! 

We said that in any ring it is always true that (x+y)? = 
x?+2xy+y?. If every element satisfies x? = x this reduces to 

x+y = x+2xy+y 
from which — using, incidentally, laws (4), (1), and (3) — it follows 
that 
2xy = 0 
for any x, y. Actually, more is true. For any element x of S we 
have 
2x = xtx=(x Ux)-—(x Nx) = x-—-x = 0=0. 

So certainly 2xy = 0. Although the ring has several very peculiar 
properties, the formula for (x+y)? does not lead to any in- 
consistencies. 

The branch of mathematics known as ring theory consists of 
deductions from laws (1)-(5) and (8): those theorems which are 
true of all rings. If in the course of his work a mathematician 
chances upon a system satisfying all these laws he says ‘Aha! a 
ring!’ and knows that from this observation a certain body of 
standard properties will follow. (Seldom does this solve all his 
problems.) 

If we bring in division, two more laws become important. 


(9) The existence of multiplicative inverses: 
If a # 0 there exists an element a~* such that aa~! = 
1 = 77a, 
(10) 0 ¥ 1. (This is just to exclude certain trivial systems.) 
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A set S having operations of addition and multiplication which 
satisfy laws (1)-(10) is called a field. The results of Chapter 3 about 
reciprocals show that the integers modulo vn form a field if and 
only if ” is prime. There are therefore plenty of rings which are 
not fields; for example the integers mod n when zn is not prime. 

Historically the notions ‘ring’ and ‘field’ arose from the study 
of algebraic numbers: numbers satisfying a polynomial equation, 
such as x?—2 = 0, or 17x?3—5x* +439 = 0. The first is satisfied 
by ++/2 (I have no idea about the second!) and at a certain stage 
in the theory it is helpful to look at all the numbers a+6,/2 for 
integers a and b. Because 

(a+bV/2)(ce+dV/2) = (ac+2bd)+(ad+be/2 
it turns out that these form a ring. 

If instead we allow a and b to be rational then we can find 
inverses: 

(a+ by2)-1 = (. ( pe, )v2. 
a? —2b? a? —2b? 
So now we have a field. Deep properties of algebraic numbers 
have been found by using ring theory and field theory. In par- 
ticular this applies to the modern treatment of the insolubility by 
radicals of the general equation of degree 5.' 


Application to Geometrical Constructions 


A proper study of the quintic equation would take us too far 
afield, but we can illustrate some of the ideas involved on a 
problem which uses less machinery. 

A famous problem of Greek geometry (often cast in the form of 
a legend involving an oracle at Delos?) asks for a geometrical 
construction of a line of length ¥/2, given a line of length 1. The 
construction is to be performed under the Platonic restriction to 
ruler and compasses alone. The Greeks could not find a solution 
(although they did find one using conic sections). 

We will show that no such construction exists. 

Given lines of lengths r and s it is possible to construct lines of 
lengths r+s, r—s, rs, and r/s by the methods shown in Figure 45. 
(We assume a line of length | is given, to fix the ‘scale’.) 
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The set K of constructible lengths is a subset of the set R of 
real numbers. We have just seen that in K we can add, subtract, 
multiply, and divide; from which it is easy to show that K is a 
field. We can say that K is a subfield of R. 

Another thing we can do inside K is take square roots of 
positive lengths. This follows from Figure 46. 


Figure 46 


If we start with a given length 1 then using the constructions of 
Figure 45 we can construct lengths 2, 3, 4,...4,4,4,...,andin 
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general all rational lengths. Then, for any rational number r, we 
can construct +/r, as in Figure 46. Then we can get all the lengths 
of the form 

p+qvr 
for rational p and q. The set of all such anibies forms a field, call 
it F,, because we can define inverses by 


(ptavr)-? = Le eee :}vr ’ 
Pp --T¢ p? —rq? 


a formula generalizing the one given for p +q1/2. 

Now we can start again. Pick an element s € F,, construct /S3 
then construct all numbers p+q7/s for p, g belonging to F,. This 
gives a larger field F,. Repeating the process on F, we get a field 
F;. In general we get an increasing series of fields: 

QcF,CFLSFIC...cRSi 1S... 
and we can construct any length in any F;. 

Are there any other constructible lengths? Of course, we could 
pick different elements r, s,. . . when taking square roots. But this 
still leads to a similar series of fields. Are there any not obtainable 
by our procedure? 

Any geometrical construction can be broken down into a 
sequence of steps of three kinds: 


(i) finding the point of intersection of two lines, whose end 
points are already constructed; 

(ii) finding the point(s) of intersection of a line and a circle, 
where the ends of the line, the centre of the circle, and a line 
of length equal to the radius of the circle, are already con- 
structed; 

(iii) finding the point(s) of intersection of two circles, 
whose centres are already constructed, and whose radii are 
equal to lengths already constructed. 


Analysing these by coordinate geometry, one finds that step 
(i) only brings in lengths which can be obtained from those al- 
ready found by addition, subtraction, multiplication, and divi- 
sion. Steps (ii) and (iii) bring in square roots of known lengths as 
well, but nothing more. So every constructible length lies in one of 
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our fields F,, for suitable choices of r, S,... When we take square 
roots. 

Now we come to the problem of constructing ~/2. Jf this is 
possible, then ~/2 must lie in one of the F;. Now it does not look 
as if #2 can be expressed using only square roots: but perhaps 
appearances are deceptive. Are you sure that there may not be 
some complicated expression, perhaps 

3+5V(5+6V7)—/13 
which is equal to #/2? 

This certainly seems unlikely, because of the cube root. Cube 
roots and square roots are quite different beasts. This difference 
must be exploited. 

First we prove that #/2 is not a rational number. The proof isa 
variation on a standard proof that 1/2 is not a rational number. 

Suppose, on the contrary, that #/2 is rational, so that there are 
integers c, d with 

4/2 = c/d. 
It is possible that c and d have some common factors: if so we 
cancel these out. Either way we can find integers e, f without 
common factors such that 


V2 = elf. 
Cubing and multiplying by f? gives us 
2? axe: 


Therefore e? is even. The cube of an odd number is odd, so e can- 
not be odd: therefore e is even. So there is an integer g such that 

e = 2g. 
Then 

2f* = e* = (29)? = 893 
so that 
Ji, = Ag" 

Therefore f* is even, and by a similar argument Sis even. So there 
is an integer A such that 

Sf = 2h. 
But now we see that e (=2g) and f (= 2h) have the common 
factor 2. But e and fdo not have common factors! 

If e and fexist, they have self-contradictory properties, There- 

fore they do not exist. Therefore ¢ and d don’t exist: and it 
follows that +2 is not a rational number, 
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Assume, for argument’s sake, that ~/2 can be constructed. We 
have just seen that it isn’t rational. So it must lie in some field F,, 
with corresponding choice of elements r, s,.... There is no harm 
in taking this k to be as small as possible. 

Let us write x = 4/2. Since x € F, it follows that 

x=p+qvt (t) 
where p, q, and f lie in F,_1, but »/t does not. (If /f did then 
F, = F,-1, and so x € F,_,, contradicting our choice of the 
smallest k.) Now x satisfies 


x?—2 =0. 
Substituting from (+) we find that 
a+b/t=0 
where 
a = p?+3pq?t—2 b = 3p?q+q%t. 


This means that a and 6 must both be zero. Because if b # 0 we 
would have 
s/t = —alb 
which lies in F,_,. But we have just said that +/¢ does not lie in 
F,-1.S0 b = 0. Consequently a = Oas well. 
Now consider the number 
y =p —4v. 
You will find that 
y>—2 =a—bvt 
with a and b as above. But these are both 0, so that 
y?—2 = Oalso. 
This means that y is another cube root of 2. Now x and yare both 
real numbers; and there is only one real cube root of 2. The only 
possibility left is that x = y; and even this is not much of a pos- 
sibility, because then 
pt+qvVvt = p—qvt 
so that g = 0. From (f) we then have x = p, but p lies in F,_1. 
So x lies in F,_,. But again this contradicts our explicit choice of 
the smallest possible k. 

With meticulous logic we have crashed headlong into a contra- 
diction. The only dubious item is our assumption that x = ¥/2 
can be constructed, so this must be the source of our troubles: we 
can avoid a contradiction only if #/2 cannot be constructed. This 
must therefore be the case. 
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Other problems about geometrical constructions may be solved 
in similar ways. Trisecting the angle 60° boils down to construct- 
ing x such that 
x3—3x = 1 

and a similar argument proves this impossible. ‘Squaring the 
circle’ implies constructing x = 2. Because the numbers in F; are 
obtained by taking only square roots, it can be seen that they 
must satisfy some polynomial equation 

a,x" +a,—1X"-1+...+a,;x+a9 = 0 
whose coefficients a; are all rational. A famous and difficult 
theorem of Lindemann? asserts that z satisfies no such equation. 
So the circle cannot be squared. 

In this connection the problem of constructing regular poly- 
gons should be mentioned. The construction of the n-sided regular 
polygon is intimately bound up with the polynomial equation 

x"-t4y"-24.. 4x41 =0. 
A deep analysis of this shows that the regular n-gon can be con- 
structed if and only if 
n= 2° .pi..-Dp 
where the ps are distinct odd primes of the form 


2° 
2 +1. 
The only known primes of this form are for c = 0, 1 ,2, 3, 4, 
when we get 3, 5, 17, 257, 65 537. Regular polygons with these 
numbers of sides may be constructed: this is very surprising in the 
cases 17, 257, or 65 537! 

All these remarks refer to theoretically exact constructions. For 
practical purposes all one ever needs is sufficiently good approxi- 
mate constructions, which exist for all reasonably small 1; that 
is, small enough to be able to see the sides of the resulting poly- 
gon! . 


Congruences Again 


I promised to prove that arithmetic mod n defines a ring. 
Before I can even start, there is a snag: the laws of a ring de- 
mand equalities, and all I can as yet offer is congruences. Once I 
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have got over this, there remains the problem of proving that the 
laws are true. 

Let us, as usual, take the special case of arithmetic modulo 7. 
In Chapter 3 we found that the set Z of integers split up into seven 
subsets, corresponding to the seven days of the week. Wednesday, 
for example, corresponded to the set of numbers {...—11, —4, 
3, 10, 17. . .}, where the numbers occurring are those of the form 
7n+3. 

These are precisely the numbers congruent to 3 (mod 7). If we 
let [x] denote the set of numbers congruent to x, then the sets of 
numbers corresponding to the days of the week are [0], [1], [2], 
[3], [4], [5], [6]. The sets [x] are known as congruence classes. 
Furthermore, we have [7] = [0], [8] = [1], [9] = [2], etc., be- 
cause a number is congruent to 7 if and only if it is congruent to 0. 

In Chapter 3 we had ‘equations’ like 7 = 0,8 = 1,9 = 2; but 
we did note that ‘=’ wasn’t really equality. But for the equation 
[7] = [0] it is equality; the sets [7] and [0] are identical. This sug- 
gests that by putting square brackets everywhere we can recover 
equalities from congruences. 

To do this will involve defining sums and products of con- 
gruence classes. This may seem daring. On the other hand, earlier 
in this chapter we defined them for the subsets of a fixed set 7, so 
the idea of adding or multiplying sets is not entirely unheralded. 

We can use the addition and multiplication tables mod 7 to 
define them: just put square brackets round everything. Then we 
will have % 

[4]+[5] = [2] 

([3]+[1] = [4] 

[5] x [2] = [3] 
and so on. 

This is a step in the right direction, but it conceals an important 
simplification. Notice that [2] is exactly the same set as [9]. So 
[4]+[5] = [9]. And [3] = [10], so that [5] x [2] = [10]. And we 
get back to ordinary arithmetic. In general, we have 

[a] x [6] = [a6]. 

You should verify that these give the same tables or addition 

and multiplication as we had before. If you do, you will see that 
C.M.M.-—5 
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even the calculations involved in the two cases are basically the 
same: one is with brackets, the other without. 

Have we come all this way just to end up with ordinary 
arithmetic again? Fortunately not. The laws of addition and 
multiplication are the same as for ordinary arithmetic, but we 
have some extra properties, such as [7] = [0]. We have ordinary 
arithmetic, plus the option of discarding multiples of 7. And this 
is exactly what arithmetic mod 7 ought to look like. 

Since we now know that the laws of arithmetic mod 7 are 
basically the same as those of ordinary arithmetic, it is not sur- 
prising that we get a ring. To prove law (8), we proceed this way: 


[a].([6]+-[c]) = [a]. ({b+c]) (definition of +) 
= [a(b+c)] (definition of .) 
= [ab+-ac] (law 8 for the 
ordinary integers) 
= [ab] + [ac] (definition of +) 


= ([{a].[])+(f{a]. [c]) (definition of .) 
and all the other laws are equally easy. Everything is referred back 
to the ordinary integers. 

The same ideas work modulo n for any n. First define con- 
gruences classes [x], then define addition and multiplication 
using (¢). Then prove laws (1}-(8). 

It must be mentioned here that ({) is more subtle than it may 
appear. It tells us that [1]+ [3] = [4]. But it also tells us that 
[8]+[10] = [18]. And since [1] = [8] and [3] = [10], it comes 
dangerously close to telling us two different things for the sum. 
But — and here one should breathe a sigh of relief — [4] = [18], so 
it gives just one answer after all. 

We are not always so lucky. If we split Z into two subsets P 
and Q: 

P = {integers < 0} 
Q = {integers > 0} 
and let [x] be whichever of P and Q the integer x belongs to - 
which is analogous to putting [x] for whichever of the congruence 
classes x belongs to — we run into trouble. Using the formulae (t) 
to define P+ we get: 
P+Q = [—5]+[1] = [—5+1] = [—4] 


P+Q = [—3]+[6] = [—3+6] = [3] O. 
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This makes ({) a pretty useless definition as far as P and Q are 
concerned! In fact, it isn’t a definition at all. 

However, for congruence classes ({) is unambiguous, as can be 
proved without much effort. If [a] = [a’] and [b] = [b’], then 
a—a’ = jnand b—b’ = kn, where j and k are integers and n is the 
modulus. So (a+6)—(a'+5’) =(j+k)n, whence [a+6] = 
[a’ +b'] and everything is all right. The operations + and . are 
well-defined by ($) for congruence classes. 


An Approach to Complex Numbers 


The complex numbers* arise if we wish to solve the equation 
x?+1=0. We introduce a new number i, defined so that 
i? = —1. In order to be able to add and multiply we must have 
numbers of the form a+bi for real a and b. Finally we observe 
that if the laws of arithmetic are assumed to hold, nothing seems 
to go wrong. And as a bonus, we can divide as well. 

This is all very fine, but it doesn’t explain very much. It doesn’t 
even prove that the laws do hold. And the number i can seem 
mysterious: which is why the real numbers are called ‘real’ and 
the imaginary numbers ‘imaginary’: This is a great pity — not so 
much because it is a slight on the imaginaries, but because it 
lends the real numbers an air of respectability that they by no 
means deserve! 

There is a way of introducing complex numbers which places 
them on a par with integers mod a. In the integers mod 7 we 
want the equation 7 = 0 to hold, so we take congruences mod 7. 
In the complex numbers, we want x?+1 = 0 to hold, so we take 
congruences mod x?+1. At least, that is the general idea. First we 
must find somewhere to take them. 

The somewhere must contain x. We want the reals to come into 
the final result, so we must put them in to start with. We want to 
do arithmetic, so we want things like x+x, xxx, xxxx-+7x—3, 
and the like. These look like — indeed are — polynomials in x, with 
real coefficients. We already know how to add, subtract, or mul- 
tiply polynomials; and we know that the laws of arithmetic hold. 
At least, we have always assumed that they hold, which is not 


-_ 
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quite the same thing. But we can prove that they do if we want. 
This means that the polynomials form a ring. We denote this ring 
by R[x], where the R says the coefficients are real numbers, the x 
tells us what the variable is, and the square brackets have nothing 
whatever to do with congruences. 

In the ring R[x] we can take congruences to the modulus x? +1.. 
We say that two polynomials are congruent if their difference is 
divisible by x?+1. Every polynomial is congruent to its re- 
mainder on division by x? +1. For instance, 

x34+x?—2x43 = (x? +1)(x+1)+(—3x+4+2) 
so that 
x3+x?—2x43 = —3x42 (mod x? +1). 
Indeed, every polynomial is congruent to a unique polynomial of 
the form ax-+-b, where a and b are real. We can eliminate all the 
terms of higher degree by subtracting multiples of x? +1. 

The constant polynomials look much like the real numbers, 
even taking congruences mod x? +1, The polynomial x satisfies 

x? = —] (mod x?+1) 
and so behaves like the imaginary number i. The polynomials 
ax+6 then behave in the way we want our complex numbers 
ai+b to behave. 

In addition, we can prove that laws (1)-(8) hold for congruence 
classes (mod x? +1) in exactly the way we proved them mod n; 
except that this time they all refer back to the polynomial ring 
R[x]. 

Finally, we remark that 

(ax+b)(—ax+b) = —a?x?+5? 
= q?+b? 
so that we can find an inverse . 


—a b 
(a+ 246 ) 
for ax-+b whenever ax+-b + 0. We havea field. 

This is a bonus, because we started with R[x], which isn’t a 
field. But the same thing happened modulo x. We started with Z, 
which isn’t a field. When » was a prime number, we discovered 
that the integers mod n formed a field. And much the same is 
happening here: the polynomial x?+1 is ‘prime’ in the poly- 
nomial ring; it cannot be factorized. 
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We could carry on from here and develop all of the standard 
properties of complex numbers. 

I wouldn’t recommend this as the best way of introducing com- 
plex numbers to a class. But if they have a thorough grounding in 
“arithmetic mod n, and if they have,done some work on complex 
numbers, it is an illuminating parallel. We can even say what a 
complex number is: a congruence class. of polynomials to the 
modulus x? +1. A trifle offbeat, but certainly not mysterious. 


In a Lighter Vein 


The theory of rings and fields can be useful in circumstances far 
removed from abstract algebra. 

The game of solitaire as you probably know, is played on a 
board with holes in the pattern 


AS ga) oA 
OM 'O 
O 4O)) OIG KO OO 
Oe send” Og GD 
OD NOs) “OM” | On) 
OOo 
oy one 


At the start, each hole except the centre contains a peg. The player 
may jump any peg over another horizontally or vertically adjacent 
peg into an empty hole, removing the peg jumped over. Diagonal 
moves are not allowed. The aim is to remove all pegs but one. 
Usually it is required that the last peg should end up in the centre. 
Anyone playing the game will observe, if he plays it enough, that 
although the final peg need not end up in the centre, it does not 
seem possible to make it finish anywhere. There is a limited num- 
ber of final positions. 

We shall ask: in what positions is it possible for the last peg to 
be? And we shall answer it by a method due to de Bruijn,> using 
a certain field with 4 elements. The elements will be 0, 1, p, and q: 
and addition and multiplication are defined by the tables 
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+ OD pig x|/0 1 pq 
Os hoOiriks pvg 010000 
both PaO vp PE pe bop ae 
poten grt BD ie pe hgeosd 
Seige pp: h:\O q|}9 qi p 


We shall not verify here that these tables do define a field, but it’S 
true. Try a few calculations if you aren’t convinced. 
We observe that the equation 
p?+p+1=0 (§) 
holds. (This is crucial, and it is why we use the field chosen.) For 
p?+pt+l1 =q+ptl 


=1+1 
=O, 
We assign integer coordinates to the holes on the board, like 
this: 
(1,3) @, SUE, 3) 
(—1, 2). ©, 2). G2) 
a 2 at OC G1): AAG.) 
(—3,0) {—2;0 (-1,9 ©,0 4,9 @,9) . G,90) 
(—3, =I) (—2, -—1)(—1, —1) © —1) dd, +) @, —1) G, —) 
(=f, 72) ©, +2) €1,: 2) 


C3) eo) . —3) (1,3) 

A situation is defined to be a set of pegs on the board. For any 

situation S we define a value 
A(S) = Xp*+! 

where the = sign indicates that we add up all the p**! for all the 
coordinates (k, /) of pegs in the set S. (This, you may note, makes 
A a function with domain the set of possible situations and target 
the field with 4 elements). Thus for the situation (pegs marked in 
black) 


One O © 
OPS ® 
OF SOD + OURO OU 
OOO Ol OS) S70 
SOO OHIG OO? SOUS 
OVM'O5.'0 
OF VQ) BO 
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S is the set {(=-2, orl), (ord, 0), (0, 0), (0, evi), (2, 0), (1, 2)} and 
we have 
A(S) == p~?-14p-1+04 90404 p0-1 4 p2+04 pit+2 
= p~>+p7~'+p°+p-!+p?+p3 
=1+q+1+q+q+1 
=1+q 


The function A is defined to have the very nice property: if a legal 
move changes situation S$ into situation 7, then A(S) = A(T). 
The value of a situation is unchanged by legal moves, and there- 
fore remains constant throughout the game. 

. To see this, consider a move to the left. Pegs on (k,/) and 
(k—1,1) are replaced by a single peg on (k—2,/). The value 


changes by 
pr-2tt_pk-1s+t_pk+t 


= p**'(p-?—p-*—1) 

= p**(p+p?+1) 

= 0, by virtue of (§). 
Similarly for moves to the right, up, or down. 

There is another function with this property, defined by 
B(S) = Xp*-! 
(also summed over (k, /) € S). So to each position we can assign a 
pair 
- (ACS), B(S)) 

of elements of the field. There are 16 such pairs, and they all 
occur for suitable positions S. They separate the positions into 
16 sets, in such a way that a series of moves does not change 
which set the positions belong to. 

The initial position of the game has A(S) = B(S) = 1. So any 
position that can arise during the game also has A(S) = B(S) = 1. 
For a single peg on (k, /) we get 

A(S) ah p**! 
B(S) = p*-' 
so that we must have 
OO ame a Be 
for any legal final position. The powers of p equal to 1 are p~®, 
p~*, p®, p®,..., and in general p*". So k+/ and k—/ are mul- 
tiples of 3, from which it follows that & and /are multiples of 3. So 
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the only positions we can reach with only one peg left are (—3, 0), 
(0, 3), (3, 0), (0, mae and (0, 0). 
This does not show that these positions are possible. But it does 
eliminate plenty that aren’t. And in fact all of them are possible. 
The same analysis works no matter what shape the board is, as 
long as the holes are arranged in rows and columns. And you can 
also consider three-dimensional boards in a similar spirit. 


Chapter 7 Symmetry: The 
’ Group Concept 


‘And now we can solve the problem 
without any mathematics at all: just 
group theory ’— A Cambridge professor 


Many kinds of symmetry occur in nature, and have been recog- 
nized from early times. The human figure is approximately sym- 
metrical about a vertical line (more properly, a vertical plane), 
which is one of the reasons why mirrors seem to invert right and 
left. This kind of symmetry is known as bilateral symmetry. 

The Isle of Man’s symbol of three running legs, or the swastika, 
possesses rotational symmetry (Figure 47). 


Figure 47 


A shape may be symmetrical about several lines at once, or 
combine bilateral and rotational symmetry. A square is bilater- 
ally symmetric about its diagonals and about lines through the 
centre parallel to a side: it also can be rotated through 90°. 

An entirely different sort of symmetry is exhibited by wallpaper 
patterns, where the whole pattern can be displaced in various 
directions without looking any different. 

The observation that an object is symmetrical can be of great 
mathematical power. The discussion of isosceles triangles in 
Chapter 2 boils down to the assertion that they are bilaterally sym- 
metric. In mathematical physics, laws like the conservation of 
energy follow from certain (postulated) symmetries of the uni- 
verse. Such a fundamental property as symmetry should be sus- 
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ceptible of mathematical analysis, and indeed is. The first step is 
to produce a working definition of symmetry, to make sure we are 
all talking about the same thing. Otherwise we might confuse 
‘symmetrical’ with ‘beautiful’ or ‘complicated’. 

The essence of symmetry is the way shapes can be moved 
around and still look the same. Individual points, however, need 
not stay in the same place. If we rotate a square ABCD about its 
centre through a right angle, as in Figure 48, then corner A moves 
to B, Bto C, Cto D, and Dto A. 


A B D A 
D Ss C: B 

The important thing, then, is not the position of the points, but 
the operation of moving them. ‘Turn through a right angle’ 
describes a symmetry of the square, and so does ‘reflect about a 
vertical line’. Now these are what we earlier called rigid motions, 
and can be described as certain functions whose range and do- 
main are both equal to the plane R?. 

Thus for any subset S of R? we can define a symmetry of S to be 
a bijection f:R? - R? such that for all points x € S, the result 
f(x) of applying fis also in S. We can express this last condition 
as f(S) = S. In geometrical language, a symmetry of S is a rigid 
motion of the plane which leaves S in the same place, although it 
is allowed to move the individual points of S. 

We need not restrict ourselves to the plane, and three-dimen- 
sional space is just as good. 

For the running legs there is an obvious symmetry: rotate 
through 120° about the centre in (say) a clockwise direction. Let 
us call the corresponding function (or rigid motion) w. Another 
symmetry, say v, rotates through 240°. At first sight these are the 
only possible symmetries, but as always we must watch out for 
trivial cases too. There is a third symmetry, the identity function. 


Figure 48 
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This leaves every point fixed, and fits our definition, so we must 
include it. To remind us of its nature, we use the symbol J. The set 
of symmetries of the running legs is {J, w, v}. 

Rotating through 240° is the same as rotating twice through 
120°. In other words, ww = v, where the product is defined as in 
Chapter 5. It simplifies notation if we write w? for ww, w® for 
www, and so on; so that w? = v. Ina similar way, v? = w: if you 
rotate through 240° twice, the result is the same as if you rotate 
through 120°, because 360° is a complete rotation and has the 
same effect as leaving everything fixed. In fact, if we take the 
‘product’ of any two of the symmetries, we obtain a third one. 


We get a table: 
x Pe 8 


q 1 a 
WD We One 
v OD Ww 


(where the entry in row a and column dis ab). 

Using this table, we see that w* = J. This makes sense, because 
three rotations of 120° take every point back to where it started. 

The fact that the product of any two symmetries is also a sym- 
metry is usually expressed as: the set of symmetries is closed under 
the operation of multiplication. If we didn’t include J as a sym- 
metry we would lose this property, which would be like having an 
arithmetic where certain numbers could not be added together to 
give a number. We could do without it, but it’s much simpler if 
we don’t. 

This set of symmetries, with its multiplication, is an example of 
a mathematical structure dignified by the title ‘group’. We shall 
define a group later on, but for now all we need is the word. We 
have found the symmetry group of the running legs. 

Every shape has a symmetry group. The human figure has two 
symmetries: the identity, and reflection r about a vertical line. 


The multiplication table is 
bee 
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and again the set of symmetries is closed under multiplication. 
Let’s do a more complicated example. The equilateral triangle 
(Figure 49) has six symmetry operations. 


! 

t 

! 
Xx 


Figure 49 


There is the identity 7, and clockwise rotations w and v through 
120° and 240°. There are also reflections x, y, zin the lines X, Y, Z. 
(We think of these lines as staying fixed when the triangle moves.) 
The reflections do not arise when we consider the running legs 
because they make the feet point the wrong way. 

The set K = {I, w, v, x, y, z} of symmetries is closed under 
multiplication (as functions), and we get the table below: 


SE We ae re fg 


SOD NO OL pe 
OR ee a ge 
Pee Re Pee gy 
Sas ea eS 
Re Bet ee aS te 
See ee ae ae | a 
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For instance, we work out wx as follows: wx means ‘do x and 
then do w’. The triangle 


A 
C2 
moves under x to 
A 
BG 
and then, under w, moves to 
B 
Cia 


which gives the same effect as z.So wx = z. 
Here’s another one: yz. Under z the triangle moves to 


B 
CA 
and under y this goes to 
C 
BA 
(remember, the lines X, Y, Z stay fixed). But this is what w does. 
So yz = w. 


You should now be able to check that the table is correct. For 
vividness, make a cardboard triangle and mark its corners; draw 
round it on a sheet of paper and mark X, Y, Z on the paper. 

In general, to find the symmetry group of a figure we must 


(i) find all the symmetries, 
(ii) work out the multiplications. 


In every case you will find that the set is closed under multipli- 
cation. This is no accident. If f and g are rigid motions, so is /g. 
If f and g both leave the set S fixed, so does fg, because fg(S) = 
f(g(S)) =f(S) = S. If doing f or g doesn’t change the shape, 
neither does doing them both. 

The same ideas apply to solid figures. The cube has 24 rotational 
symmetries, 48 including reflections. We can move any vertex to 
any other and rotate the edges leading to that vertex in three ways. 
The dodecahedron has 60 rotational symmetries, 120 including 
reflections. Naturally we do not bother to work out a multipli- 
cation table! There are other ways of expressing the relations 
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between symmetries other than listing all possible products, 
although we shall not delve into them here.' 


The Group Concept 


The concept of a ‘group’ is abstracted from these, and other, 
examples; in the same sort of way that the concept ‘ring’ was 
abstracted from arithmetic. Rather than beat around the bush I'll 
give the definition first, and discuss it after we’ve seen it. 

A group consists of: 


(1) Aset G. 
(2) An operation ‘*’ which assigns to any elements x and y 
of G an element x*y which also belongs to G. 
This operation is required to satisfy three laws: 
(3) The operation is associative: for any x, y, z € G we have 
x*(y*x) = (x*y)*z. 
(4) There is an identity element / € G such that 
I*x =x = x*1 
for any x € G. 
(5) There are inverses: for any x € G there exists x’ EG 
such that 
XPx! = I = x'*x. 


Groups can arise in many quite distinct situations. Here are some 
examples: 


(i) G is the set of symmetries of the running legs, and * is 
multiplication of symmetries, as in the table on p. 97. We 
_have to check properties 1-5. Now (1) is obviously true: we 
have just defined G to be a set. (2) works because of closure. 
(3) is true because it is true for functions. (4) is true, and we 
have jumped the gun by using J to denote the identity func- 
tion. Finally, (5) is true: we can take J’ = I,v’ = w, w’ = v, 
(ii) Let G be the set of integers: G = Z. Then (1) holds. 
Let * be the operation + of addition. Then (2) holds because 
if a and b are integers then a+4 is an integer. Condition (3) 
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is law (1) of arithmetic (p. 76), (4) is law (3) (with 0 playing 
the part of J), (5) is law (4). 

(iii) Let G = R, the reals, and * = +. Argue as in (ii). 

(iv) Let G be the set of non-zero rationals, and let * be 
the operation of multiplication. G is a set, and the product 
of two non-zero rationals is a non-zero rational. This deals 
with (1) and (2). Condition (3) is law (5) of p. 77, which 
holds for the rationals, and (4) is law (7) (with 1 playing 
the part of J). The rationals form a field, so condition (5) is 
law (9), which holds in any field. 

(v) Let S be any subset of the plane, G its set of symmet- 
ries, * multiplication of functions. Then, as in example (i), we 
have a group. 


It should be emphasized that the failure of any of the five con- 
ditions means that we do not have a group. 

If we took G to be the set of integers between —10 and 10, and 
* to be addition, then (2) is violated: 6+-6 is not an element of G. 

The set of integers greater than 1, under the operation of 
addition, has no element satisfying (4). 

The set of integers, under the operation of subtraction, vio- 
lates condition (3) because subtraction is not associative: 

(2—3)—5 = —6 #4 = 2—(3—5). 

The set of all rationals, under multiplication, is not a group. 
The only element we can find for / is 1, and then we cannot find 
an element 0’ such that 0’0 = 1; because for any rational r we 
have r x0 = 0,s0 00 = 0, not 1. 

So none of these define groups. 


Let me say a few words about the operation *. Given any pair of 
elements (x, y) where x, y € G we obtain a unique element x*y 
of G. This means that * defines a function whose domain is the 
set G x G of pairs (x, y), and whose target (in fact range) is G. An 
operation may be defined as a function 

*:GxG—>G 
as long as we agree that x*y is shorthand for *(x, y). Once we do 
things this way, condition (ii) is automatic, and may be omitted — 


. 
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except that we have to check, in any particular case, that * really 
is a function from G x G into G. 


Once we understand the ideas, we can simplify our notation. 
Instead of x*y we can write xy (we must remember that this need 
not be ordinary multiplication) and it then becomes natural to 
write x’ = x~*. If you use this notation, but work in the group of 
integers under addition, then xy means x+y and x! means —x. 
It is important not to get confused! 


Subgroups 


If, from the six symmetries of the triangle, we select the three J, 
w, and v, we find that these form a smaller group inside the big one. 
You can check this from the multiplication table, or geometric- 
ally: these are the symmetries which don’t turn the triangle over, 
and if two such symmetries are multiplied together the resulting 
symmetry also does not turn the triangle over. 

This smaller group within the larger is an example of a sub- 
group. If G is a group with operation *, then a subset H of Gisa 
subgroup if H forms a group under the operation *. 

Not every subset H is a subgroup. If we tried H = {x, y, z} we 
would not get a group, because xy = w which isn’t in H. If h and 
& lie in H then we must have 


(i) h*k eH 
(ii) h~’ EH 


from which it follows that 
(iii) J = h*h-) € H. 


Conversely, conditions (i) and (ii) are sufficient to ensure that H 
is a subgroup, because the associative law is bound to hold in H 
if it does in G. 

Subgroups are extraordinarily common. The group of integers, 
under addition, has subgroups comprising all even integers, all 
multiples of 3, all multiples of 4, all multiples of 5,..., . Every 
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group G is a subgroup of itself, as is the single element set {7}, 
which has the trivial multiplication table 


i Me 


Y oN F : 


The symmetry group of the equilateral triangle has in all six 
different subgroups: 
{/, W, VU, X,Y, z} 
{I, w, v} 

{I, x} 

{, y} 

{1, z} 

{I}. 


The number of elements in a group (if finite) is called the order 
of the group. We have just found a group of order 6, having sub- 
groups of orders 1, 2, 3, and 6. It does not take a genius to see that 
these numbers all divide 6. After looking at a few more examples, 
one is tempted to guess that the order of a subgroup always 
divides the order of the group. 

This guess would be correct: the theorem was proved by 
Lagrange some time before the abstract concept of a group was 
defined! 

Let’s put K = {I, w,v, x,y,z} and consider the subgroup 
J = {I, x}. For any element a € K we form the coset J*a, defined 
to be 

{I*a, x*a}. 
We form this by multiplying each element of J by a, and collecting 
the resulting elements into a single set. We can compute what these 
are: 


JF*T' = {I x} Jt = {fx} 

J*o = {v, z} Fez. {p, 2} 

J*w = {w, y} J*y = {w, y}. 
We notice several things: 


(i) There are only 3 distinct cosets. 
(ii) One of them is J itself. 
(iii) No distinct cosets have any element in common. 


rf 
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(iv) Every element of K lies in some coset. 
(v) Each coset has the same number of elements. 


From (ii) and (v) each coset has 2 elements. From (iii) and (i) all 
the cosets, taken together, have 2.3 = 6 elements. From (iv), K has 
6 elements. This not only explains why the order of J divides that 
of K; it says that the result of doing the division will be the num- 
ber of cosets. 

The proof of Lagrange’s theorem follows the same lines. One 
shows that (i){v) are true for any group K and any subgroup J 
(except that in (i) we get an unknown number c of cosets). If J has 
order j and K has order k, it follows that k = jc. So j divides k. 
Properties (ii}{v) follow from the group axioms, after a little 
preparatory work. 

This is a remarkable theorem. From the vague-sounding 
(though actually hyperprecise) abstract ideas of group and sub- 
group we extract a concrete numerical relation. If I gave you a 
group of order 615 you would know, without any information 
about the multiplication table, that its subgroups cannot have any 
orders other than 1, 3, 5, 15, 41, 123, 205, and 615. 

One might ask whether all these must occur. The group of 
rotations of the dodecahedron has order 60, but has no subgroup 
of order 15, even though 15 divides 60. The best that can be said 
in general is Sylow’s theorem: if his a power of a prime and divides 
the order of a group G, then G has a subgroup of order h. So our 
group of order 60 certainly has subgroups of orders 2, 3, 4, and 
5. Any group of order 615 has subgroups of orders 3, 5, and 41. 


Isomorphism 


There are other ways of producing groups with 6 elements. If we 
take the set S = {a, b, c} there are 6 bijections S > S, namely the 
functions p, g, r, s, t, u given by 
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where, for example, the value s(5) of the functions s at 6 is the 
entry in row 5b, column s: namely, c. 

Bijections between a set and itself are known as permutations of 
the set. 

Under multiplication of functions these 6 bijections form a 
group, with multiplication table 


> 4) UES A ABR SR? SUR + 


oot a: Ae ga a 
UR GE RR 7 a Sa 
r See PD gg Bt 
Sopa: FP | 
t bY ME? ARES « NOR FR 
BN BI Be 


For instance, to find rs we have 

rs(a) = r(s(a)) = r(b) =a 

rs(b) = r(s(b)) =r(c) =c 

rs(c) = r(s(c)) = r(a) = 6 
which makes rs have the same effect as g. Sors = q. 

This is not the same as the symmetry group of the equilateral 
triangle, because its elements are different. But there is a strong 
resemblance between the two groups, in addition to them both 
having order 6. 

Every symmetry of the triangle rearranges the vertices A, B, C, 
in the following way: 


This suggests we pair off rigid motions with permutations, by 
changing capital A, B, Cto smalla, 5, c: 

Dain BS kee 

BrP Sas BS 

D8 VE Me 
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If we rewrite the two multiplication tables so that elements paired 
off here occur in corresponding positions along the top and down 
the sides, and then fill in the products from the original tables, we 
get: 


RT ey ae ae gh Tee a ee 
Ye ie aM ais a Boy Pon, @ ee 
a We de oR! AE aie a ROS AB ck a Se 
PG an as a cn , ae) Be ere @ 
A) We, Rt ee Ae Gla LO oe” the UE atte ee aes 
7 AN iis AON AGS SE RS! a es ae 
Oe ON eg ae Ae he, ABN ae cay aay 


Not only do the elements occur in corresponding positions 
along the top and down the sides: they also occur in correspond- 
ing positions in the main body of the tables. Thus J and p occur in 
the positions 


and x, g occupy 


One should not be too surprised at this, because the way in which 
the permutations multiply is very closely connected with the way 
the symmetries multiply. It shows that two groups can have the 
same structure without being identical. The difference between 
them lies in the names of the elements. 

To make this idea sufficiently precise to be useful, we consider 
the function fsuch that f(J) = p, f(x) = q,..., which gives the 
correspondence between elements of the two groups. The domain 
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of fis the first group, its range is the second. Take two elements a 
and # of the first group. In row a and column f we get the element 
a* 8. In the corresponding row f(a) and column f(f) of the second 
table, we should get f(a)*/(f). But this, we observed, is the element 
corresponding to a*f, which is f(a*f). So the observation that 
‘corresponding elements occur in corresponding places’ means 
that 

F(a*B) = f(a)*f(B) (f) 
for all a and f in the first group. 

The advantage of using (ft) is that it does not depend on geo- 
metrical properties of multiplication tables. Given any two groups 
G and H we say that they are isomorphic if there is a bijection 
:G — H such that (f) holds for all a, 8 € G. Isomorphic groups 
have the same abstract structure, and differ only in their elements. 
Since it is the way the elements multiply that contain the essential 
structure of the group, for most purposes isomorphic groups may 
be thought of as being the same. 

The first of our two groups above, we found, has 6 subgroups. 
This immediately implies that the second, which is isomorphic, 
has 6 subgroups too: for instance, the subgroup {/, w, v} of the 
first gives rise to a subgroup {p, s, t} of the second. 

Groups of equal order need not be isomorphic. There is another 
group of order 6, which we can get by taking the integers mod 6 
under the operation of addition. Its ‘multiplication’ table is the 
addition table mod 6, namely 


me OR 2) Bos hety $ 
Or RP Ea gi S 
Berdodl o@ D8ind oSerO 
Rit RBide Mr SoOend 
Bios Spd tS 2 Orphiy2 
Si Ai Teouki 2 03 
3 op Ss Oni Bode BoA 


Call this group M. Is M isomorphic to the symmetry group K of 
the equilateral triangle? 
One way to decide would be to try all possible bijections from 
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M to K and see if equation (+) holds. If we tried defining / by 
£0) = L,fQ) = w,f(2) = v, £3) = x, f(4) = y, f(5) = z, then we 
would have 

f+2) =f) =x 

f)*fQ) = wo = 1 
which means we have the wrong function. There are only 720 
bijections to try. It could be done that way. 

Instead, we could try to find properties of M which do not 
depend on the names of the elements. One such property, we saw, 
was how many subgroups it has. If you work them out, you will 
find that the subgroups of M are {0}, {0, 2, 4}, {0, 3}, and M. So M 
has only 4 subgroups, and cannot therefore be isomorphic to K, 
which has 6. 

This is better than trying 720 functions: But there is an easier 
way. Addition mod 6 satisfies the commutative law (law (2) of 
p. 76),a+ 8 = B+a. Suppose we had an isomorphism /: M — K. 
Then 

f(a+B) =f(B+a) 


F(af(B) = f(B)f(a). 
In other words, K also would satisfy the commutative law, this 
time for multiplication. But vx = y, xv = z, so it doesn’t. So no 
isomorphism can exist between group M and the symmetry 
group K. 

Isomorphisms are a great simplifying device. It is important in 
mathematics to be able to recognize when two apparently distinct 
problems are basically the same. If isomorphic structures occur in 
the two problems, this may give a hint of connections between 
them. 

In our example above we found the isomorphism by exploiting 
a known connection between the symmetries of the triangle and 
the permutations of 3 elements. Sometimes it happens the other 
way round: you observe an isomorphism and ask why it happens. 
There is a certain group of permutations on a set with 5 elements, 
associated with the general equation of degree 5. (The elements 
permuted are the 5 roots of the equation.) This group has 60 
elements. The group of rotations of the dodecahedron also has 60 
elements. It can be shown that the two groups are isomorphic, 


so that from (f) 
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Starting from this coincidence Felix Klein? discovered a deep 
interconnection between three theories: 


The quintic equation, 
rotation groups, 
the theory of complex functions. 


Among other things, this explained a previously observed fact: 
the quintic equation can be solved using a certain special kind of 
complex function — known as elliptic functions. Before Klein’s 
synthesis, this could be proved only by formless calculations. It, 
too, seemed like a coincidence. Klein found out why it happened. 


Classifying Patterns 


Group theory will crop up whenever symmetries exist. It allows us 
to describe symmetries according to the underlying group. By 
dodecahedral symmetry, for example, we mean ‘having a sym- 
metry group isomorphic to that of the dodecahedron’. 

Not only this. It allows us to classify symmetries. In certain 
situations we can say: these symmetries, and only these, are 
possible. 

Wallpaper patterns, abstractly, are symmetric configurations 
in the plane. The symmetry group of a wallpaper pattern consists 
of certain rigid motions, and is a subgroup of the group G of all 
rigid motions of the plane. To go further, we must say more care- 
fully what we mean by wallpaper patterns: they must extend 
arbitrarily far, and they must be discrete in the sense that they 
‘come in lumps’ instead of merging continuously into each other. 
(There is a precise but technical mathematical description.) One 
can then classify the suitable groups of rigid motions, with the 
conclusion that there are precisely 17 wallpaper patterns (9 of 
which are ‘friezes’ rather than genuine wallpapers). These are 
illustrated in Figures 50-52. 

When you look at a book of wallpaper samples — hundreds and 
hundreds of different patterns — you would not imagine that any 
useful classifications could be made. There are so many of them. 
But if you forget about the colours, the size, the quality of the 
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interesting exercise to get hold of a wallpaper pattern book and 
see whether today’s designers are similarly exhaustive. Probably 
no 


C.M.M.—-6 
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Figure 52 


The analogous problem in three dimensions — the classification 
of the 230 possible symmetry groups® — is important in crystal- 
lography: from this one can make deductions about the molecular 
structure of crystals. 


Chapter 8 Axiomatics 


‘Only an elephant or a whale gives birth 
to a creature whose weight is 70 
kilograms or more. The President's 
weight is 75 kilograms. Therefore the 
President's mother was either an 
elephant or a whale’ — Stefan Themerson 


Mathematics operates on many levels. A child learns how to work 
out problems involving a particular number or numbers. Later, 
he deals with properties common to ai// numbers: in a sense the 
object with which he works has changed from a number to the 
ring Z of all numbers. Then, in ring theory, instead of studying 
one particular ring, he studies whole classes of rings. A whole area 
of mathematics becomes a single object, and that object is but one 
of many in another area. And so it goes on. 

Our line of thought in this chapter will take us one stage fur- 
ther: the objects of our thought will be complete theories — ring 
theory, field theory, group theory, geometry. 

There are many similarities in the ways we have defined the 
concepts ‘group’, ‘ring’, ‘field’. We introduce certain basic terms. 
These terms are never defined. Instead we list a number of laws 
that they are required to satisfy. These laws are the axioms; the 
whole set-up is an axiomatic system. 

You are not asked to ‘believe’ the axioms. Indeed, it is futile to 
question them, as well as irrelevant; because they do not cor- 
respond to reality. Whenever you are confronted by an axiomatic 
system, somebody else is telling you what properties he means the 
system to have. Axioms are like the rules of a game. If you 
changed them, you would no longer be playing the same game. 

Starting from a system of axioms, one then makes certain 
logical deductions. All of these take (implicitly or explicitly) the 
form: if the axioms hold, then something else does. The ‘truth’ of 
the axioms is not in dispute. The fact that the Roman empire did 
collapse is not relevant to a discussion of what might have hap- 
pened had it not collapsed. What one can dispute is the validity of 
the deductions. 
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One can also dispute the applicability of the axioms in any par- 
ticular case. Whether or not the real world works the way the 
axioms say is a pertinent question when one tries to apply the theory 
to the real world, but it is not a question that is part of the 
theory. It needs to be answered by experiment. In the same way, 
in order to apply group theory to a branch of mathematics, one 
must check that the relevant objects are groups. If they are not, 
we cannot apply the theory. But that makes no impression on the 
theory. ‘Are the group axioms true?’ is a nonsense question. 
Axioms are not true in any absolute sense; but they may be true 
of something. 

The power of the axiomatic method is that it derives a large 
body of theory from a small number of assumptions. If anything 
satisfies the assumptions, it is bound to satisfy all the conclusions 
derived from them. We can apply the whole power of the theory 
at the expense of checking just a few properties: we don’t have to 
go through all the work over and over again for each application. 

The concept of an axiom system as something divorced from 
reality is relatively recent. It would seem that the ancient Greeks, 
when they laid down axioms for geometry, thought that they were 
talking of genuine physical truths, albeit of an idealized nature. 
Certainly the common definition of ‘axiom’ was ‘self-evident 
truth’ — and my dictionary still maintains that this is the case. But 
the word as used in mathematics has taken on a different meaning, 
Turn to the group axioms. Are they self-evident? 


Euclid’s Axioms 


Euclid listed a number of axioms for geometry, of which the most 
important are: 


(1) Any two points lie on a straight line. 

(2) Two lines meet in at most one point. 

(3) Any finite line segment may be produced as far as you 
wish, 

(4) It is possible to describe a circle with any centre and 
any radius. 

(5) All right angles are equal. 
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(6) Given any line, and any point not on the line, then 
there exists exactly one line parallel to the first line and pass- 
ing through the given point. 

(These are not given in exactly the form Euclid gave.) 


It was for a long time regarded as a blemish that axiom (6) ap- 
peared to be far from self-evident. Many attempts were made to 
prove it from the other axioms: all fallacious. 

We shall see later that axiom (6) cannot be proved in this way. 
A more meaningful question is: is it true of the real world? This 
is not a mathematical question. To answer it we should perform 
an experiment. However, imagine the ancient Greeks performing 
such an experiment. They draw two ‘parallel’ lines — say lines of 
longitude — through Rome and Athens: these meet at the South 
Pole. The parallel-axiom is false for the geometry of the surface of 
theearth. — 

This is cheating, really: we know that the earth is round, and 
Euclidean geometry applies to planes, not spheres. Actually, if 
you think about it, we know the earth to be round precisely be- 
cause it does not behave as Euclidean geometry says; so if Euclid 
was wrong then perhaps the earth need not be round after all. 

A fairer experiment would be to use laser beams, or some such, 
as straight lines. You point your lasers out into intergalactic 
space, as nearly parallel as you can get them, and then try to find 
out if they meet or not. This, unfortunately, is not an experiment 
that could be carried out in practice. (And if some cosmologists 
are correct, it would not verify Euclidean geometry even if we 
could carry it out.) 

It looks as if Euclid had a far better idea of what he was up to 
than many who later criticized him. He must have suspected that 
the parallel-axiom could not be proved, and that is why he stated 
it explicitly. 


Consistency 


When you first start working out an axiomatic theory, all you 
have to go on is the axioms (as far as logical deduction is con- 
cerned: psychologically you will have some intuitive ideas as to 
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how the theory should develop). You use these to prove some 
theorems; then use these theorems to prove others. The axioms 
become the source of an outward-spreading wave of theorems, all 
ultimately dependent upon them. 

All is well as long as you cannot prove two contradictory 
theorems in this way. But if you can prove two contradictory 
theorems, then the whole theory becomes useless. For it is then 
possible to prove anything. 

The analyst G. H. Hardy once made this remark at dinner, and 
was asked by a sceptic to justify it: ‘Given that 2+2 = 5, prove 
that McTaggart is the Pope.’ Hardy thought briefly, and replied, 
“We also know that 2+2 = 4, so that 5 = 4. Subtracting 3 we get 
2 = 1. McTaggart and the Pope are two, hence McTaggart and the 
Pope are one.’ 

To proceed more generally we must first recall the method of 
proof by contradiction (or reductio ad absurdum). We wish to prove 
a statement p. We begin by assuming that p is false: on the basis 
of this we deduce two contradictory statements. This is absurd, so 
our assumption of the falsity of p must be wrong. Therefore p is 
true. The validity of this method is built in to current mathe- 
matical logic. We used it in Chapter 6 to prove ¥/2 irrational. 
But now suppose we have an axiomatic system from which we 
can deduce two contradictory theorems r and s. Perhaps r is 
‘butter is cheap’ and s is ‘butter is not cheap’, Then we can use 
these to provide the contradiction in the above proof, whatever p 
may be. The theorems r and s can be deduced from p, because 
they can be deduced from the axioms. We don’t actually have to 
use p in the deduction. 

For instance, to prove ‘the country is going to the dogs’ we 
assume the opposite: it is not going to the dogs. Now we deduce 
both ‘butter is cheap’ and ‘butter is not cheap’, which contradict 
each other. Our assumption must be wrong, so the country is 
going to the dogs. 

The same argument will also prove that it is not going to the 
dogs: start by assuming it is and proceed as before. 

This is total disaster. One could, perhaps, put up with an oracle 
which occasionally answered both ‘yes’ and ‘no’ to the same 
question. But what use is an oracle which a/ways answers ‘ yes’? 
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A system of axioms which does not contradict itself is said to be 
consistent. Consistency is a prime requisite for any axiomatic 
theory. Its importance was first emphasized by David Hilbert, the 
founder of the modern theory of axiomatics. 

It is not always obvious that an inconsistent theory is in- 
consistent. The problem can be a very delicate one. The axioms 
for a field are consistent. But if we modify law 9 to read ‘every 
element [rather than every non-zero element] has a multiplicative 
inverse’, then the system becomes inconsistent. Because if 0 had 
an inverse 0~* we would have 

(0,.0).07,4 =0.071.=,1 

0:(0,073),=0.1 =0 
which contradicts the associative law, because axiom (10) of p. 80 
says that 0 ¥ 1. (This is why ‘thou shalt not divide by zero’. It 
messes up the laws of arithmetic.) 

So here we have a very small modification which changes a 
consistent system into an inconsistent one. And unless you know 
where to look, the second system is not obviously inconsistent. 
However innocuous a given set of axioms may appear, the ques- 
tion of its consistency will still arise. 


Models 


Hilbert also gave two other requirements for an axiomatic 
system ; completeness and independence. 

To say what ‘completeness’ is we need the idea of a proof in an 
axiomatic system. If p is some statement in the system, a proof of p 
consists of a sequence of statements, each of which is either an 
axiom or a logical consequence of certain preceding statements in 
the list, such that the last statement in the list is p. The proof of the 
statement 

(x+y)? = x?+2xy+y? 
in Chapter 6 is an example. A system is complete if, for every 
statement p, we can find a proof of p, or a proof of not-p. In other 
words, we have got enough axioms to prove the truth or falsity of 
any conceivable statement of the system. 

In a complete system there is no significant way in which we 
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can add extra axioms: either they will follow from those we 
already have, and so be redundant; or they will contradict those 
we already have, and so be pointless. 

A set of axioms is independent if no axiom can be deduced from 
the others. 

It is always difficult to prove an axiom system complete, if 
indeed it is, because one needs to consider all possible proofs. But 
there are simple methods for proving independence (in suitable 
circumstances), and occasionally consistency. These revolve 
around the idea of a model. 

A model of an axiom system is some object in which, with a 
suitable interpretation, the axioms are true. Any group is a model 
for the group axioms: the abstract operation * of the axioms is 
interpreted as some definite operation in the special group under 
consideration. It might be addition, or multiplication of functions. 
Similarly any ring is a model for the ring axioms, and any field a 
model for the field axioms. Coordinate geometry provides an 
algebraic model for the axioms of Euclidean geometry, if we 
interpret ‘point’ to mean ‘ pair (x, y) of real numbers’ and ‘line’, 
‘circle’, etc. in the usual way. 

If you can exhibit a model for a system of axioms, then they 
must be consistent. Any one of the group multiplication tables 
defines a model: we could take the most trivial possible example 


aN RY f 


Sih dee 


If the axioms were inconsistent, then any theorem could be 
proved. You could prove that every group has 129 elements. But 
since the axioms hold in the model, so do all consequences of 
them. So the model must have 129 elements. But we can see that it 
doesn’t. Therefore there are no inconsistencies. 

Or, to argue slightly differently, any contradiction in theorems 
deduced from the axioms will show up in the model. We will be 
able to prove that the model has a certain property, and also that 
it does not. This can’t happen, because the model either has the 
property or not: it can’t have both. 

Models are particularly useful for proofs of independence. Sup- 
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pose we wanted to prove that the associative law for group multi- 
plication is independent of the other axioms for groups. All we 
need do is find a model in which the associative law does not hold, 
but the other axioms do. Any deduction of the associative law 
from the other axioms would lead to a proof that the multipli- 
cation in the model was associative: but we have chosen our 
model so that it isn’t. 

We’ll define a model using a multiplication table. We want to 
satisfy axioms (1), (2), (4) and (5) of p. 100, but not (3). 

Axiom (1) says we need a set G. To make life easy, we take a 
small set; but to give room to manoeuvre we won’t make it too 
small. Try G = {a, b, c}. 

Axiom (4) asks for an identity element. If we make a the 
identity, then part of the table is determined: 


> an ae | a 
a ie Oe 
6b |b 
ee 


Next, look at axiom (5), which asks for inverses. Our identity 
element a already has an inverse, because a? = a. If we arranged 
to have bc = cb = a this would provide inverses for b and c. So 
now our table looks like 


KORE Bo € 
alabe 
5b |b a 
ee’ Me cea 


and axioms (1), (4), and (5) hold. 

Now axiom (2) says that we must define the product of any two 
elements, and that product must be in G. To satisfy this, all we 
need do is fill in the rest of the table with as, bs, and cs. It doesn’t 
matter how we do it. But since we want (iii) to be false, we must 
avoid choices which make (iii) hold. It would not do to fill the two 
remaining spaces with the letter c, because the table would look 
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like that for the symmetries of the running legs, which do satisfy 
the associative law. So we try 


a ee ae 
ajabe 
5 1D dD a 


c cab 


After a few trials we discover that for this table 
(cc)b = bb = b 
c(ch) = ca=c 

so the associative law fails. 

This completes the construction of the model. 

The construction of models is an art, rather than a science. It 
requires experience, taste, and a dash of de Bono’s ‘lateral 
thinking’. The best way to learn how to do it is to try. 

We shall return to the questions of completeness and consistency 
in Chapter 20. Our immediate object is to apply the method of 
models to the problem of Euclid’s parallel-axiom. 


Euclid Vindicated 


We can phrase the problem thus: is Euclid’s parallel-axiom in- 
dependent of his other axioms? Having stated it in these terms, we 
are half way to a solution: the biggest difficulty is realizing that 
independence might be the case. The two alternatives: it is 
provable from the other axioms, it is disprovable from the other 
axioms, do not exhaust the possibilities. 

For our answer we must make one assumption: that the axioms 
for Euclidean geometry are consistent. This is because we are 
going to use Euclidean geometry as the raw materials for the 
model. And if it was inconsistent, the question of independence 
would not be our main cause of worry. 

Construction of models, I said, was an art. On this occasion the 
art is conjuring: I can do no better than wave the magic wand and 
extract the rabbit from the hat. 

Draw a circle I’ in the plane. Our model will be that part of 
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Euclidean geometry which happens inside .. To keep the record 
straight we’ll use italic type for the interpretations, in the model, 
of standard Euclidean concepts. Let us define 


point = point of the plane inside T 

line = that part of a line in the plane which lies inside 

circle = that part of a circle in the plane which lies in- 
side [ 


right-angle = ordinary right-angle, inside l. 
(These are illustrated in Figure 53.) 


Figure 53 


Now we check the axioms (as on p. 114). 

(1) Any two points lie on a straight line, This is true. It we 
take two points in I’ they are also points in the plane. We join 
them by a line in the plane, and then chop off the bits outside 
I to get a ine (Figure 54). 

(2) Any two lines meet in at most one point, This is true. 
The two lines are parts of two lines, which meet in at most 
one point, so certainly in at most one point (Figure 55). 

(3) Any finite Jine segment may be produced as far as you 
wish. This is more controversial. At first sight it seems to go 
wrong, because as soon as a /ine goes outside T it ceases to be 
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a line. But even Euclid did not.mean you to produce lines 
outside the plane — off the edge, so to speak. The construction 
must be confined to the region under discussion. So we need 
to consider the concept produce rather than produce. The 
force of axiom (3) is that if you have a line segment with ends, 
you can extend it beyond the ends. This is also true in I’, pro- 
vided that when we say ‘inside I’’ we do not include anything 
on I’. Because, as in Figure 56, we can keep extending the /ine 
to points 1, 2, 3, 4, 5,... , without ever stopping.’ 

The /ine itself has no ends: what ought to be its ends lie on T’, 
not inside it, so are not points. As far as the model is con- 
cerned all /ines go on for ever. 
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Figure 56 


(4) It is possible to describe a circle with any centre and any 
radius. This follows from the same axiom in the plane, as 
always chopping off anything outside (or on) I’. Of course 
circles are not always ‘circular’ (Figure 57). 


r 


Figure 57 


But this does not affect the validity of the axiom. 
(5) All right angles are equal, again because in the plane all 
right angles are equal. . 
Thus the model satisfies axioms (1)-(5). However, axiom (6) is 
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not satisfied: Figure 58 shows a line, a point, and several 
lines parallel to the first line through that point. 


r 


Figure 58 


Here, of course, we interpret ‘parallel’ as ‘not meeting’. It does 
not matter that the lines, if produced outside I’, meet; for points 
outside I are not a part of the model. 

It now follows that axiom (6) is not provable from axioms (1 
(5). For if it were, then since (1)}-(5) are true for the model, then 
(6), as a logical consequence, must also be true for the model. But 
it isn’t. From a slightly different point of view: any proof of 
axiom (6) in Euclidean geometry becomes a proof of axiom (6) in 
the model if we replace all occurrences of ‘point’ by ‘point’, of 
‘line’ by ‘line’, and so on. Since (6) is false in the model the sup- 
posed Euclidean proof cannot exist. The fact that ‘points’ are not 
the same as ‘points’ does not affect the argument: the difference 
between them is taken care of by the validity of axioms (1)(5). 

This is what I meant by the section heading ‘Euclid Vindicated’. 
Not that Euclidean geometry is the only one possible. But that 
Euclid was quite right to put down the parallel-axiom as an as- 
sumption, not provable from his other axioms. 


Other Geometries 


By making different choices of model you can polish the proof up 
a bit; in particular making (3) and (4) more convincing. The trick 
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is to redefine length inside I to make all lines infinitely long 
(though then they have to be bent). For more details, consult 
Sawyer.” 

Instead of having more than one parallel, we can arrange to 
have none at all. The model this time is due to Klein: we use 
small capitals for interpretations in the model. 

Construct a sphere & in three-dimensional space. The surface 
of = will play the part of the Euclidean plane. Define 


LINE = great circle on 2 (that is, one whose centre co- 
incides with the centre of the sphere); 
POINT = pair of diametrically opposite points on 2. 


Now we check the axioms. Axiom (2) is true because any two 
great circles meet in a pair of diametrically opposite points, and 
the other axioms (1), (3), (4), (5) hold (with no quibbles about (3)). 
But because any two great circles meet, there are no parallel 
LINES at all! (See Figure 59). 


M 


i> 


Figure 59 


So now we have three different kinds of geometry: Euclidean 
geometry ; hyperbolic geometry where there may be many.different 
parallel lines; and e/liptic geometry, where there are none. 

Riemann introduced a more general kind of geometry, which 
can be elliptic in some parts and hyperbolic in others. The two- 
dimensional version of this can be thought of as the geometry of a 
curved surface (Figure 60). 
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Figure 60 


Near A the geometry is elliptic, near B it is hyperbolic. (This ex- 
plains the terminology: a section of the surface near A is roughly 
an ellipse, near B a hyperbola.) 

Riemann’s idea goes further than this. There are spaces of 
three dimensions (or more) whose geometry also varies from 
place to place. ‘Curved’ space! According to Einstein, ordinary 
space-time forms such a geometry. We can either say that the 
‘curvature’ is caused by gravitational attraction of matter, or that 
matter and gravity are caused by the curvature. 

If the geometry of space-time is elliptic in some regions, it may 
be possible to set out in a straight line and eventually get back 
where you started. Worse, the same could happen to time: you 
might get back before you set out. This may sound unlikely. But 
some astronomers claim that already there is a higher-than- 
chance proportion of radio stars at diametrically opposite points 
in the sky. It could be that these pairs of stars are really just one 
star seen from two opposite directions. 


Chapter 9 Counting: Finite and 
Infinite 


‘Fourteen,’ said Pooh. ‘Come in. 
Fourteen. Or was it fifteen? Bother. 
That's muddled me’ - A. A. Milne 


You cannot teach a child to count by telling him what numbers 
are. Instead, you show him instances of their occurrence: two 
dogs, two apples, two books, . . . , and he gradually observes that 
the property of ‘two-ness’ is common to all these examples. He 
forms — for himself — the concept ‘number’. 

Numbers are properties of sets. It is the set of apples, or dogs, 
that has two elements; not any individual apple or dog. We do not 
count an object: we count sets of objects. When mathematicians 
began to wonder what numbers really were, they observed this 
fact. They also realized that it is easier to say when two numbers 
are the same than to say what they are. 

If a child has two cups, each sitting in its own saucer, there 
comes a stage when he realizes that he must also have two saucers. 
Playing musical chairs, if there are seven players and six seats, 
somebody won’t have a seat. If a theatre manager sees that each 
seat in his theatre is occupied by exactly one person, then he 
knows that the number of people is exactly the same as the num- 
ber of seats. He doesn’t have to know how many seats there are to 
know this. 

This means that the concept ‘same number’ does not depend 
on the concept ‘number’ (despite the vagaries of the English 
language). In the same way, you can find out if two pieces of string 
have the same length without ever knowing what that length is, 
by laying them side by side. Or you can tell if two objects have the 
same weight, using a beam-balance. In all three cases it is easier 
to say when two given objects have the property in common than 
to say in general what that property is. All you need is a way of 
comparing objects with respect to the (as yet undefined) property. 

For length or weight it is not hard to decide the method of 
comparison. What of ‘number’? 

Let’s go back to the example of people in theatre seats. In order 
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to be certain that the numbers are exactly the same, we need to 
know: 


(i) Each person sits in exactly one seat. 
(ii) Each seat contains exactly one person. 


If we let S be the set of seats and P the set of people, then for each 
person p € P we can define f(p) € S to be the seat in which he is 
sitting. And then /: P — S is a bijection (one-to-one correspond- 
ence). Firstly, f fits our definition of a function: its domain is P, 
its target S. The rule assigning f(P) to p is unambiguous, by (i) 
above. And fis a surjection, because by (ii) each seat contains a 
person, and an injection, since by (iii) again it contains only one 
person. 

Quite generally, two sets will have the same number of elements 
if and only if there is a bijection between them. The situation is 
illustrated by Figure 61. 


Figure 61 


To avoid linguistic problems, let us say that two sets are 
equinumerous if there exists a bijection between them. This carries 
the same implications as ‘same number’ but makes it clearer that 
we don’t yet need to know what a number is. In the same way that 
we can chop up the set Z of integers into congruence classes, we 
can chop up the set of all sets into classes, in such a way that two 
sets are equinumerous precisely when they lie in the same class. 
Each class may be specified by giving one of its members. The 
class containing {a, b, c, d, e} will also contain every set equinum- 
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erous with {a, b, c, d, e}, and these are exactly the sets with 5 
elements. The situation is illustrated in Figure 62. 


Figure 62 


In this sense the number 5 is specified by 


(i) giving some set and saying that it has 5 elements; 
(ii) saying that any set equinumerous with the given one 
also has 5 elements. 


In fact, as Frege observed, we have a very curious situation. 
There is a mysterious and wonderful concept, ‘number’, which 
we cannot define. There is a down-to-earth concept, the class to 
which a given set belongs. Two sets have the same number if and 
only if they belong to the same class. From this it follows that if 
we know everything about the classes we know everything about 
the numbers. 

At this point one can adopt two attitudes. 


(A) Whatever these silly classes are, I know perfectly well 
that they aren’t numbers. They just behave like them. 
(B) I don’t know what numbers are: I just use the word. 
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These classes behave just like my hypothetical numbers, with 
the advantage that I know what they are, I might as well say 
that numbers are these classes. 


It doesn’t matter much which attitude we adopt, as long as we 
realize that (B) has a good point: we could use the classes to de- 
fine numbers if we wanted to, and it would give a perfectly satis- 
factory definition.’ Indeed, when we point out to a child two 
dogs, two apples, two books, are we not just pointing out the 
elements of the class associated with ‘2’? 

All we really need to know about numbers is this: to every set 
is associated something called its number. This has the property 
that two sets have the same number if and only if they are 
equinumerous. 

We could take the existence of numbers, with the above pro- 
perty, as an axiom. Once we know this, we can recover all of 
arithmetic. First we define a few numbers: 

0 is the number of the empty set 9 

1 is the number of the set {x} 

2 is the number of the set {x, y} 

3 is the number of the set {x, y, z} 

4 is the number of the set {x, y, z, w) 


where of course x, y, z, w, ... , are chosen to be distinct. 
Then we go on to define addition and multiplication. To see 
how to do this, we go back to primary school. There we added 3 
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Figure 63 


and 2 by taking 3 counters, and then 2 more counters, putting 
them in a row, and counting the result (Figure 63). 
It is important that all the counters should be distinct. If one 
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of our 2 counters was already in the set of 3 counters, we would 
get the wrong answer! 

We can define addition of any two numbers in the same way. 
Take two numbers m and n. Find sets M and N with these num- 
bers (respectively) and such that they are disjoint: they have no 
elements in common. (In set-theoretic symbols, Mm N = 9.) 
Form the union M U N. This has a number: and we define this 
to be m-+-n (Figure 64). 
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Figure 64 


Two aspects of this definition require comment. The first is 
that we always can find disjoint sets M and N. For if they are not 
disjoint, we can change elements one by one until they are; and 
the way we change them defines a bijection between the old sets 
and the new ones, which ensures that the numbers don’t change. 

The second is that addition should be ‘ well-defined’. If we took 
different sets M’ and N’ with numbers m and n, would we get the 
same result? If not, the definition would be useless. It’s a very 
poor definition of addition that tells you 2+2 = 4 if you work it 
out one way, and 2+2 = 5 if you work it out the other. 

All right: suppose we do pick different sets M’ and N’, disjoint, 
with numbers m and n. Then M and M’ have the same number, so 
there is a bijection /:M— M’. Similarly there is a bijection 
g:N ~ N’. But we can fit these together to give a bijection 
h:MUN->M’' UN’, if weset 

S(x) ifxeM 
mat goa ifx EN. 


132 Concepts of Modern Mathematics 


(It is necessary to check that this is a bijection. It is intuitively 
obvious from Figure 65.) 


Figure 65 


We already have enough information to prove a famous 
theorem: that 2+2 = 4, 

First we must find disjoint sets M@ and N, each of which has 
number 2. From the definition of 2 we may take M = {x, y}. 
For N we take the set {a, b} where a, b, x, y are all different. There 
is a bijection f: M > N such that f(x) = a, f(y) = 6, so M and N 
are equinumerous. By the main property of numbers, N has 
number 2 as well. Next we form M U N = {x, y, a, b}. There isa 
bijection g from this to the set {x, y, z, w} defined by g(x) = x, 
gy) = y, g(a) = z, g(b) = w. This latter set by definition has 
number 4, so M UW has number 4. By the definition of +, 
2+2 = 4. 

The basis of the argument is illustrated in Figure 66. 


Figure 66 
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It is slightly easier to define multiplication, because as it turns 
out we don’t need to worry about disjointness. To multiply num- 
bers m and n, take M and N with these numbers, and form the 
Cartesian product M x N (Chapter 4). Define mn to be the number 
of M x N. That this is the right definition becomes clear when we 
consider the diagram used in Chapter 4 to illustrate the Cartesian 
product (Figure 67). 

(It is once more necessary to check that a different choice for 
M and N gives the same answer, but this is not hard.) 


N MxN 
Figure 67 


One of the more impressive feats made possible by this line of 
approach is that we can prove that the various laws of arithmetic 
hold, at least for positive numbers. (The laws for negative num- 
bers, rationals, or reals can be deduced from these.)? As an ex- 
ample, take the distributive law 

(m-+-n)p = mp+np. 

We hike sets M, N, P with numbers m, n, p, such that M and N . 
are disjoint. Then (m--n)p is the number of the set (M U N) xP, 
while mp-+-np is the number of (Mx P) U (N xP). Now it so 
happens that these two sets are equal: the first consists of all 
ordered pairs (x, y) where x € M or x E N and ye P, while the 
second consists of all ordered pairs (x, y) where x € M and y € P 
or x € Nand y € P. Therefore they are equal. (See Figure 68.) 


134 Concepts of Modern Mathematics 


(MuN) +P 


Figure 68 


Since the two sets are equal, there is a bijection from one to the 
other: the identity map will do. So the sets are equinumerous, the 
numbers are equal, and the law is proved to be true. 

Similarly one can prove the other laws of arithmetic. 

To end this section, we’ll put a new interpretation on the way a 
child counts a collection of objects. He points to each object in 
turn, and recites, ‘One, two, three, ....’ If as our standard sets 
for defining numbers we took 9, {1}, {1, 2}, {1, 2, 3}, {1, 2, 3, 4} 
(where 1, 2, 3, 4, are just symbols) then this counting looks sus- 
piciously like setting up a bijection between the given set and one 
of our standard sets (Figure 69). 
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Figure 69 
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Georg Cantor noticed that all of our previous discussion is valid 
for infinite sets as well as finite ones. (At no place did we specify 
that the sets involved were finite; but our examples were de- 
liberately chosen to be finite.) The idea of a bijection makes 
good sense for infinite sets, so we can say what ‘equinumerous’ 
means; and we may then define infinite ‘numbers’ with the pro- 
perty that equinumerous sets have the same number, and con- 
versely. 

To avoid offending people’s finer sensibilities we use a different 
word to describe these ‘numbers’: in fact we revamp an existing 
word. We call them cardinals (or transfinite numbers). For finite 
sets, the cardinal is the number of elements: for infinite sets it has 
many properties reminiscent thereof. 

The definitions of addition and multiplication also make sense 
for cardinals; and the commutative, associative, and distributive 
laws hold. However, we have to pay some price for the extension 
into the infinite. 

One curious property of cardinals was noted by Galileo, in 
1638. There can exist a bijection between a set and a smaller sub- 
set of itself. The function f with f(7) = n? is a bijection between the 
set N of whole numbers and the subset of perfect squares. An 
infinite set can have the same cardinal as part of itself. Euclid’s 
dictum ‘the whole is greater than the part’ must be amended to 
‘the whole is greater than or equal to the part’ — where ‘equal’ 
really means ‘equinumerous’. 

A nice way to picture this bijection is to modify slightly the 
earlier diagrams for functions: 
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In a similar fashion there are bijections between N and the set of 
even numbers, or odd numbers, or integers, or primes: 
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So all these sets have the same cardinal. The cardinal of the set N 
of whole numbers is called No (aleph-zero). Cantor envisaged a 
whole system of infinite cardinals No, Ni, N2,. -., of which No 
is the smallest. 

A set with cardinal &o is said to be countable (because a bi- 
jection with N allows us to ‘count’ it — although we never stop 
counting!) Infinite sets which are not countable (and there are such 
sets) are called uncountable. 

We have just shown that the sets A and B of even and odd 
numbers are both countable. They are disjoint, and their union 
A U Bis N. By the definition of addition for cardinals, the car- 
dinal of N is the sum of the cardinals of A and B. But N is count- 
able too, so we get 

Not+No = No- 
If we double No it stays the same size. This is another of the 
prices we pay for the inclusion of infinite sets. (Notice that we 
cannot deduce that No = 0, because we don’t know how to sub- 
tract cardinals.) 


Large and Small Infinities 


We can compare cardinals with respect to size. For finite car- 
dinals, if we have two sets M and WN such that M has fewer 
elements than N, then we can find an injection from M to N (as in 
Figure 70). 

We generalize this. If a and f are infinite cardinals, we say that 
a is less than or equal to B if there are sets A and B with cardinal a 
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and £, such that there is an injection f: A — B. In other words, 
some set with cardinal a can be paired off with a subset of a set 
with cardinal £. As usual we write 
ax. 
Then we say that ais less than Bifa < Banda # f. 
This order-relation on cardinals enjoys several pleasant pro- 

perties: 

(i) a < a for any cardinal a. 

(ii) Ifa < Band B < ythena < y». 

(iii) Ifa < Band B < athena = P. 


Property (iii) is far from easy to prove: it is known as the 
Schréder—Bernstein theorem. A proof can be found in Birkhoff 
and MacLane.? 

So far the only infinite cardinal we know of is No. Are there 
any others? 

One might hope that the set of rational numbers, Q, had larger 
cardinal: after all, between any two integers there are infinitely 
many rationals. But this hope is not substantiated. 

Imagine all the rational numbers p/g (q # 0) arranged in an 
infinite square array: 


3/3 3/—2 a5 3/1 3/2 3/3 
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—3/—3, —3/—2, —3/—1.. —3/1,. —3/2, —3/3 .... 
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Now imagine a spiral path through the array, starting at 0/1 
(Figure 71). 


Figure 71 


By going far enough along this path we reach any rational num- 
ber p/g. We can define a function /:N — Q by: f(n) is the nth 
distinct rational number along the path. The rule is unambiguous, 
so we have defined a function. It is surjective, because the path 
reaches every rational. By taking just distinct rationals we make f 
injective. So we have set up a bijection between N and Q. Hence 
Qalso has cardinal No. 

The first few rationals along the path are 0/1, 0/2, 1/2, 1/1, 1/—1, 
0/—1, —1/—1, —1/1, —1/2, —1/3, 0/3, 1/3, 2/3, 2/2,...,. There 
are repetitions of value: 0/1 = 0/2 = 0/—3 = 0/3 =0, 1/1 = 
—1/—3 = 2/2 = 1, etc. Eliminating these, the bijection goes 


RE: al ccd STAN SARL Uy SR naa SAR, 


Se TO” ah: SPER Sean UA oe 
0 1/21 —1)—1/2 ~1/3 (1/3 2/3; 2 


The pattern in the lower line is not obvious; but we know how to 
obtain it from the spiral. It would be hard to find a formula for 
the nth rational along the path, but since functions need not be 
defined by formulae this doesn’t matter. 

Another possible candidate for a cardinal bigger ‘hi No is the 
set R of real numbers. Since any real number can be approxi- 
mated arbitrarily closely by rationals, one might expect the reals 
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to have the same cardinal. But this time this is not the case. The 
cardinal of the set R — for the moment call it ¢ - is larger than No. 

This is proved by contradiction. We assume that we can find a 
bijection between the whole numbers and the reals. Each real 
number will be of the form 

A‘a 14203... 

where A is a whole number and each a; is one of 0-9. With 
decimals we have to remember that there are ambiguities: 
0-100000. . . = 00999999, ... These only occur for repeated Os 
or 9s so we agree not to use repeated 9s. This makes our notation 
unambiguous. 

A bijection N — R will look like: 


0 A‘Q304203044s. oe 
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where (in imagination) all the numbers in N appear down the left, 
and a// the numbers in R down the right. 

Now we exhibit a number in R that is ot listed on the right. It 
will be of the form 

0°212223242Zs. oe 

where we choose z, different from a,, zz different from 52, z3 
different from c3, z4 different from d4, zs different from es... . 
In general z,, will be different from the nth decimal place of the 
number opposite n—1. To avoid ambiguities, we also choose the 
zs not equal to 0or 9. 

This is a real number. But it’s not equal to the first in the list, 
because it differs in the first decimal place. It’s not equal to the 
second, because it differs in the second decimal place. It’s not 
equal to the third ..., and in general, it differs from the nth 
number in the list (which is in row n—1) in the nth decimal place. 

So we have found a number not in the list. 

But we started out, we claimed, with a complete list. 

This is-a contradiction. The only possibility is that no such list 
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exists, so that there is no bijection N > R. This tells us that the 
cardinal c of R satisfies 


C#No. 

But there is an obvious injection N + R (the identity on N) so that 
No <c¢. 

Combining these, 
No <c. 


So in the sense of cardinals, there are more real numbers than 
rationals. But there are just as many rationals as integers. 


So now we have a new cardinal ¢ bigger than No. We might 
wonder if ¢ is Cantor’s &,. This would be the case if there is no 
cardinal smaller than ¢ but larger than No. This problem was 
solved by Cohen in 1963, but the solution is so unexpected that 
we shall wait until Chapter 20 before saying what it is. 

There are cardinals larger than c. In fact, there is no largest car- 
dinal: given any cardinal a we can find a larger one. 

Take any set A with cardinal a. Let P be the set of a// subsets 
of A. Let £ be the cardinal of P. Then we can show that f > a. 

First note that f(x) = {x} defines an injection A — P. So cer- 
tainly a < f£. If we had a = £ then there would be a bijection 
h:A - P. For each x € A the element A(x) is a subset of A; either 
x € h(x) or x ¢ h(x). We define a set T by 

T = {x|x does not belong to A(x)}. 
Now Tis a subset of A, so that T € P. Since h is a bijection there 
is some ¢t € A such that A(t) = T. 

We ask whether or not ¢t €A(t). If so, then te 7. But for any 
x € T, we know that x ¢ h(x), from which it follows that ¢ ¢ A(t). 
On the other hand, if ¢ ¢ A(t) then ¢ passes the entrance require- 
ment for T, so that te 7. But T = A(t)so te h(t). 

Either way gives a contradiction. So our assumption that A 
exists must be false. Therefore 8 # a, and all that remains is 

a< Bp. 

We could use this to give a different proof that R is uncount- 
able. To each subset S of the integers we can associate a real 
number 

0-a142a3... 
where a, = lifne S,a, = 2 ifn ¢S. Different choices of S give 
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different numbers. So we have defined an injection from the sub- 
sets of N into the set R. The set of subsets cf N has cardinal larger 
than No, and so R also has larger cardinal. 


Transcendental Numbers 


If all that could be done with infinite cardinals was proving 
theorems about infinite cardinals, nobody would have been very 
impressed by the idea. What forced mathematicians to take 
notice of them was the possibility of using them to prove theorems 
not about cardinals. 

Some real numbers satisfy polynomial equations 

a,X"+a,-1x"~1+...+a@ =0 
where the coefficients a; are integers. For example, +/2 satisfies 
x?—2 =0. 
Such numbers are said to be algebraic. Any real number that is 
not algebraic is said to be transcendental. 

In Chapter 6 we remarked that all constructible numbers satisfy 
such an equation, with rational coefficients: by multiplying 
through by the product of the denominators of the coefficients 
we can get integer coefficients. So every constructible real number 
is algebraic. We also asserted that z satisfies no such equation: in 
other words z is transcendental. 

For many years mathematicians suspected that z was trans- 
cendental, but they could not prove it. Worse, they could not 
prove that any numbers were transcendental. Then, in 1844, 
Liouville found a proof that such numbers did exist. But it wasn’t 
a particularly easy proof. In 1873 Hermite proved that the number 
e (the ‘base’ of natural logarithms) was transcendental. Linde- 
mann did the same for z in 1882. 

But in 1874 Cantor found a very simple way to prove that 
transcendental numbers existed, without actually finding any. He 
used infinite cardinals. 

Given a polynomial 

A,X" +4_—1X"~* +... +40 
we define its height to be 
lao|+ai|+...+]a@,|-+-”. 
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For example, the height of the polynomial x? —2 is 
|—2|+|1|+2 

= 2+142 

= 5, 
Every polynomial, with integer coefficients, has finite height. 
More interestingly, there are only a finite number of polynomials 
with a given height h. Because the degree n must be < A, and there 
are only the possibilities —h, —h+1,..., —1,0,1,2,...,A for 
each coefficient ; making at most 

(2 h ai 1)" +1 

polynomials of height 4. (It would be possible to give better 
estimates than this, but for our purposes any estimate will do.) 

We may therefore write out all possible polynomials with 
integer coefficients in a sequence: first we list those of height 1 (in 
any order), then those of height 2, then height 3, and so on. Be- 
cause there are only finitely many polynomials of each height, the 
sequence does not get stuck forever at some fixed height, and so 
all polynomials appear somewhere in the sequence. 

The polynomials of height 1 are just 1 and —1. Those of 
height 2 are 2, —2, x, —x. Those of height 3 are 2x, —2x, x+1, 
x—1, —x+1, —x—1. So the sequence starts off : 

1, —1, 2, —2, x, —x, 2x, —2x, x+1, x—I, —x+1,—x—1,. 52. 

Let the nth polynomial in this sequence be p,(x), so that the 

sequence now takes the form 

Px(x), P2(x), P3(X), «++ » Da(X),. +++ 
Every polynomial with integer coefficients occurs in this sequence. 
The algebraic numbers are precisely the roots of the equations 

Dp, (x) = 9. 

If the degree of the polynomial p,,(x) is d, there are at most d roots 

of this equation. So we can arrange the roots in a sequence 
G1,-++5y 

If we fit all these short sequences together, one for each poly- 

nomial p,(x), we get a new sequence containing every algebraic 

number: 
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Of course, any given algebraic number may occur more than once 
in this sequence. 

Now, for any whole number m we define f(m) to be the 
(m+1)-th distinct algebraic number along the sequence. This 
makes f a function from N to the set of algebraic numbers. 
Because every algebraic number occurs in the sequence, / is 
surjective. By choosing distinct algebraic numbers, we make f 
injective. So fis a bijection, which means that the set of algebraic 
numbers has cardinal No. The algebraic numbers form a count- 
able set. 

But we know that the real numbers form an uncountable set. 
So some real numbers are not algebraic. This proves the existence 
of transcendental numbers. 

In brief : transcendental numbers must exist, because there are 
more real numbers than algebraic ones. 

This is a pure existence proof. It does not tell you one single 
transcendental number. It gives no clue, for example, as to the 
status of z. What it does is show that it is impossible for there not 
to be transcendental numbers. 

In fact it shows that there are more transcendental numbers 
than there are algebraic. Because if there were only No tran- 
scendentals, the fact that every real number is either algebraic or 
transcendental would mean that 

No+No =c¢ 
where ¢ is the cardinal of R. But we already know that No+No = 
No, which is nor equal toc. 

Prior to Cantor’s theorem, mathematicians had become 
accustomed to thinking of transcendental numbers as being very 
rare, because they seldom seemed to use any. It came as a con- 
siderable shock to discover that they are extremely common: that 
almost ail real numbers are transcendental. If you could pick a 
real number at random, you would be virtually certain to pick one 
that was transcendental. 


Chapter 10 Topology 


‘A topologist : isn’t that someone who 
stuffs monkeys?’ — Traditional 


One of the most unexpected developments in twentieth-century 
mathematics has been the meteoric rise of the subject known as 
topology. Topology is sometimes described as ‘rubber-sheet 
geometry’, a whimsical and somewhat misleading description 
which nevertheless succeeds in capturing the flavour of the sub- 
ject. Topology is the study of those properties of geometrical 
objects which remain unchanged under continuous transformations 
of the object. A continuous transformation is one in which points 
‘close together’ to start with are ‘close together’ at the end of the 
cycle of transformation, such as bending or stretching. Tearing 
or breaking are not allowed. (There is, however, one caveat: since 
we are talking about transformations we are not interested in 
what happens anywhere except the beginning and the end. It is 
therefore permissible to introd ice a break at some point provided 
it is eventually joined up agai * in the same way. For example we 
can untie a knot by cutting the s:ring, undoing the knot, and then 
making the string whole again. This is why the ‘rubber-sheet 
geometry’ description is misleading.) It is possible to set up the 
definition of ‘continuous’ in 4 precise fashion, but we shall stick 
to the intuitive idea here. The question is raised again in Chapter 
16. 

What sort of properties are topological? Not the usual ones 
studied in Euclid’s geometry. Straightness is not a topological 
property, for a line may be bent and stretched until it is wiggly. 
Neither is the property of being triangular: a triangle can be con- 
tinuously deformed into a circle (Figure 72). 

So in topology triangles and circles are the same thing. Lengths, 
sizes of angles, areas — all these can be changed by continuous 
transformations, and must be forgotten. Few, if any, of the cus- 
tomary concepts of geometry, remain in topology and new ones 
must be sought. This makes topology hard for the beginner until 
he gets the idea. 


a 
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An archetypal topological property is that displayed by a certain 
kind of doughnut: having a hole. (Not the least subtle aspect of 
the matter is the fact that the hole is not a part of the doughnut.) 
No matter how one continuously distorts the doughnut, the hole 


, 


Figure 72 


remains. Another topological property is the possession of an 
edge. The surface of a sphere has no edge, that of a hollow hemi- 
sphere does; and no continuous transformation will alter this. 

Because continuous transformations are so varied, topologists 
make fewer distinctions. Anything having one hole will be much 
the same as anything else having one hole (as the next section 
illustrates). The topologist consequently has fewer objects to 
look at. The subject-matter is simpler than in most other branches 
of mathematics (although the subject itself is not). This is one of 
the reasons why topology has become a powerful tool, with ap- 
plications throughout the whole of mathematics: its simplicity 
and generality make it widely applicable. 
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Topological Equivalence 


The basic objects studied in topology are called topological spaces. 
Intuitively we should think of these as geometrical figures. 
Mathematically they are sets (often subsets of Euclidean space) 
endowed with some extra structure called a topology which allows 
us to set up an idea of continuity. The surface of a sphere, of a 
doughnut (more properly a torus) or of a double torus are all 
topological spaces (Figure 73). 


Figure 73 


Two topological spaces are topologically equivalent if we can 
pass from one to the other in a continuous way, and also come 
back in a continuous way. The oft-quoted assertion that to a 
topologist a doughnut is the same as a coffee-cup provides an 
example (Figure 74). 


Figure 74 


In terms of set theory we start with two topological spaces A 
and B, and ask for a function /:A — Bsuch that 
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(i) fis a byection; 
(ii) fis continuous; 
(iii) the inverse function to fis also continuous. 


The reason for wanting both fand its inverse to be continuous is 
the following. If we take two separate lumps and squash them 
together we get a continuous transformation (Figure 75) because 


Figure 75 


points originally close to each other remain so. But the inverse 
transformation takes one lump and pulls it into two separate 
pieces (Figure 76) so is not continuous, because points close to 
each other but on opposite sides of the dividing line end up 
further apart. 


Figure 76 


As an exercise try to classify the topological spaces shown in 
Figure 77 into topologically equivalent types.* 


Some Unusual Spaces 


If all topological spaces were as nice as the sphere and torus 
there would be little of interest in topology. A few instances of 
more exotic behaviour may help to tickle your intuition. 
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Figure 77 


You have probably heard of the Mébius strip (or band), which 
can be made by taking a strip of paper and joining the ends with a 
180° twist as in Figure 78. 

This is topologically distinct from an untwisted cylindrical 
strip. It has exactly one edge. (Count it.) Since the number of 
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Figure 78 


edges is a topological property, and since the cylindrical strip has 
two edges, the two strips are topologically inequivalent. 

A more famous property of the Mobius strip is that it has only 
one side. A cylindrical strip could be painted red on one side, blue 
on the other. If you try to do this with a MObius strip the two 
colours will run into each other somewhere. 

Unfortunately it is difficult to make the one-sidedness mathe- 
matically respectable in a natural way. The strip has no thickness: 
every point of it is ‘on’ both sides, in the same way that every 
point of the plane is ‘on’ both sides. For the purposes of topology 
we must consider the strip as a space in its own right, rather than 
as a subset of Euclidean space, and it then becomes hard to see 
whether the number of sides is a topological property. 

To make this clearer, let me ask a question: how many sides 
does three-dimensional Euclidean space have? 

Most people, I think, would answer ‘none’. It just goes on and 
on in every direction: how can it have any sides? 

But suppose now that you are a flatlander, living in the two- 
dimensional plane, unaware of anything else. How many sides 
does your ‘space’ have? If you answered ‘none’ before then you 
must surely answer ‘none’ again: the plane just goes on and on in 
all directions. 

In other words, the number of sides you are aware of depends 
on whether you think of the plane in its own right, or as a part of 
three-dimensional space. The same is true of three-dimensional 
space: if we think of time as a fourth dimension it has two sides — 
the past, and the future. 

I hope you can see that it is now beoming rapidly more difficult 
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even to define what we mean by the number of sides, let alone to 
see if this is a topological property. 

However, there is a phenomenon which a hypothetical race of 
creatures living on a Mébius band could observe without bringing - 
in any external considerations, and which provides a useful 
mathematical substitute for ‘one-sidedness’. Assume that these 
creatures have two hands, with the thumbs pointing in different 
directions; they will have the concept of ‘left’ and ‘right’. Fur- 
thermore let us suppose that they wear mittens (Figure 79). 


Figure 79 


Onecold morning one of our creatures awakes, tofind that he has 
mislaid all of his right-hand mittens and has only left-hand ones. 
Being a resourceful beast, he takes one mitten and transports it 
around the strip, as in Figure 80. 


Figure 80 


Much to oursurprise, though not to his, it turns into aright-hand 
mitten. Of course, his right hand has become a left hand and his 
left hand a right: but in any case he now has a serviceable pair of 
mittens. 
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You can check this property by drawing on a paper MObius 
band. But to take account of points being ‘on’ both sides of the 
paper it is necessary to look through the paper, either by holding 
it up to the light or by using a strip of transparent plastic in place 
of paper. Alternatively you can check it using your two hands and 
an imaginary M6bius band. Since your hands are not two 
dimensional, concentrate only on their outlines. Hold them in front 
of you, with the palms facing away, thumbs side by side, and 
fingers pointing upwards. Leaving the left hand fixed you must 
now move the right hand around an imaginary Mobius band, as 
follows. Lift your right elbow, tilting the right palm to the hori- 
zontal. Rotate the right thumb down and away from you until the 
hand is on edge with the thumb at the bottom. Lift the elbow still 
higher until the fingers point downwards and continue to rotate 
the hand in the same direction as before until the back of the hand 
faces you. Keeping the elbow raised and the fingers pointing down, 
with the back of the hand towards you, move the whole hand to 
the left until it is level with your left hand and on the far side of it. 
Now - and this requires a supple wrist — turn the thumb away 
from you until the right hand is edge on. Ideally now you should 
continue to rotate the right hand, but this is not anatomically 
feasible. Instead, rotate the /eft thumb towards you, until the two 
hands are side by side with the little fingers together: the left one 
pointing up and the right down. 

You have now reached a very uncomfortable position which 
corresponds to having moved your right hand once around a 
Mobius band (and the left round the other way a little to meet it). 
For extra comfort, keep the two hands in the same position rela- 
tive to each other, but move the right hand back a little towards 
the right and let the left hand follow it round towards the centre 
and away from you. Now you must turn the right hand upside 
down by rotating it on the surface of the M6bius band. To do this, 
bring the right elbow down to your side, keeping the right palm 
facing away from you. You should now have both hands pointing 
upwards, side by side, with the left palm facing towards you and 
the right palm away from you. Finally, move the two palms 
together: the hands fit neatly with the thumbs overlapping. As 
far as the outlines of the hands are concerned, you have now 
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turned your right hand into a left hand by moving it around a 
Mobius band. (You also have a magnificent example of the style 
of mathematics known in the trade as ‘handwaving’.) 

A creature living on a two-sided world (this includes us, as far 
as we can tell at the present time) cannot perform the mitten 
trick.? To him, left and right cannot be interchanged. But to a 
Mobius beastie, the very concepts of left and right have a signific- 
ance only if objects are not moved around. It is not possible to 
define leftness and rightness consistently over the whole MGbius 
band. It is said to be non-orientable. A space such as ours, in which 
a global definition of left and right can be made, is said to be 
orientable, Orientability corresponds to two-sidedness and non- 
orientability to one-sidedness; and both are intrinsic topological 
properties independent of any external space. 

If two Mobius strips are joined edge to edge the result is known 
asa Klein bottle (Figure 81). 


Figure 81 


It has no edges, and is non-orientable because the MObius bands 
are non-orientable. However, it cannot be embedded in space of 
three dimensions without crossing itself. 

Another way to describe it is to imagine a square, whose edges 
are glued together as in Figure 82, so that corresponding arrows 
overlap. (First join the top and bottom, getting a cylinder. To fit 
the ends together the right way round, bend the cylinder and push 
it through itself.) You can use this diagram to check that it really 
is two Mobius bands edge to edge: cut it up again as in Figure 83. 

Statements (frequently made) about the inside and outside of a 
Klein bottle are nonsense. It cannot be constructed in three- 
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Figure 82 


dimensional space. In four-dimensional space (which we discuss 
in Chapter 14) it can be made without any crossings; but now 
the ideas of ‘inside’ and ‘outside’ make no more sense than they 


Figure 83 


do for a circle in 3-space: one can pass from one to the other with- 
out encountering any obstacles. 

Two other interesting spaces can be obtained by gluing up the 
edges of a square: the torus, and the projective plane (so named 
because of connections with projective geometry), shown in 
Figure 84. 


projective 


plane 


Figure 84 
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The torus we already know about: we note that it is orientable. 
The projective plane, like the Klein bottle, has no edges, is non- 
orientable, and won’t embed in 3-space. 

The projective plane is a Mobius strip and a disc sewn edge to 
edge. To do this in 3-space we have to twist the MObius strip 
around to get its edge circular, and it then intersects itself, form- 
ing a cross-cap (Figure 85). 


Figure 85 


The projective planeisa cross-cap with the hole filled in (Figure 
86). 


Figure 86 


As a final curiosity, there is the Alexander Horned Sphere 
(Figure 87). 

This is made by pushing out two horns from a sphere, twisting 
them together, splitting the ends, twisting these together, splitting 
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Figure 87 


again, twisting again, and so on indefinitely; getting smaller and 
smaller at each stage. It is topologically equivalent to a sphere, 
believe it or not: the way the horns are pushed out can be used to 
define a suitable function. However, the space outside it is not 
topologically equivalent to the space outside an ordinary sphere. 


Figure 88 


For outside an ordinary sphere any loop can be slid off (Figure 
88), whereas for a horned sphere the loop may get entangled in 
the horns (Figure 89). Once again the trouble is caused by the 
surrounding space rather than the sphere itself. 


C.M.M.-8 
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Figure 89 


The Hairy-Ball Theorem 


Those are a few of the concepts and objects studied by topology: 
now we'll look at a theorem. 

If you look at the way the hairs lie on a dog, you will find that 
they have a ‘parting’ down the dog’s back, and another along the 
stomach. Now topologically a dog is a sphere (assuming it keeps 
its mouth shut and neglecting internal organs) because all we have 
to do is shrink its legs and fatten it up a bit (Figure 90). 


Figure 90 


One might wonder whetheritis possible to comb the hairs in such 
a way that all partings were eliminated. This would give a smooth 
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nairy ball, with none of the arrangements of hairs shown in 
Figure 91. 


ssay OE 


Figure 91 


This is a question for topology, for if we deform the ball con- 
tinuously, a smooth system of hairs will stay smooth, and a parting 
will stay a parting. Using topological methods it can be shown 
(not easily) that no perfectly smooth system of hairs exists. (The 
problem is more properly posed as one about ‘vector fields’ on a 
sphere, but the intuitive idea of a hairy ball gives the right feel.) 
The best that can be done is to comb the hairs so that everything 
is smooth except at one point, as in Figure 92. 
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Figure 92 


I don’t propose to go into the proof. But the value of the result 
extends far beyond whimsical applications to hypothetical 
smooth dogs. 

The surface of the earth is a sphere. The direction in which the 
surface winds are blowing, at any specific moment in time, gives 
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a way of combing this sphere, with the flow-lines of the wind 
taking the place of hairs. The theorem says that no smooth 
system of winds exists (other than no wind at all which is im- 
possible for other reasons), so that there must always be a cyclone 
somewhere. 

Thus a knowledge of the shape of the earth allows us to draw 
conclusions about wind-patterns without any knowledge at all 
about the true behaviour of winds. 

On a toroidal planet, stable smooth winds could exist, because 
a hairy torus can be combed smooth (Figure 93). 


Figure 93 


A deeper study, using more about winds, reveals that a more 
likely flow would be one winding around the torus as in Figure 94. 
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Figure 94 


This is not the end of applications of the hairy-ball theorem. 
It has one application to algebra: it can be used to prove that 
every polynomial equation has solutions in complex numbers 
(the so-called ‘fundamental theorem of algebra’). 


Chapter 11 The Power of 
Indirect Thinking 


Ploughing straight ahead is not always the quickest way to make 
progress. It may be better to go round an obstacle rather than 
charge headlong into it. It is much the same in mathematics. Often 
a problem can seem insurmountable. You may even have a good 
idea of what the answer should be, but be unable to find any way 
of making certain. In these circumstances a fresh viewpoint, a new 
idea, can make all the difference. 

How does one obtain a fresh viewpoint? 

An explorer travelling through dense jungle usually has little 
idea of anything other than his immediate surroundings. If he 
comes to a mountain, he must climb it; a river, he must swim. But 
later, when people start to build roads through the jungle, they 
don’t always follow the explorer’s footsteps. They will have maps. 
They will say, ‘Here is a mountain, there is a river,’ and they will 
find ways to build the road round the mountain, and the best 
place to build a bridge over the river. If the explorer could have 
taken a more comprehensive view of the area — perhaps flown 
over it in a plane — he would have saved himself a lot of wasted 
effort: it might even have enabled him to succeed where he would 
otherwise have failed. 

In mathematics it is too easy to concentrate very hard on one 
specific problem. If your methods are not good enough to handle 
the problem, you will eventually grind to a halt, baffled and 
defeated. Often the key to further progress is to stand back, 
forget about the special problem, and see if you can spot any 
general features of the surrounding area which might be of use. 


Networks 


There is an old puzzle which in one form concerns three houses, 
each of which must be connected up to supplies of water, gas, and 
electricity (Figure 95). 
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Can this be done in such a way that the connections do not cross 
each other, or pass through the houses or the sources of supply? 

If you sit down with a pencil and paper, you will soon find that 
there is no apparent solution. But if you try to prove no solution 
exists, you run into a problem: there are so many possible ways 
of trying to draw the lines. Perhaps it would be helpful to have 
one of the lines loop around six or seven times first. It doesn’t 
seem to be: but you can’t see any way to show that it isn’t. 

This is exactly the sort of situation discussed in the introduc- 
tion. The best way to proceed is to sit back and take a good look 
around. 

The problem is not really about houses. It wouldn’t matter if 
they were bungalows or blocks of flats. Nor would it matter if the 
source of electricity were next door, or a thousand miles away. 
Stripped of its picturesque language, the problem becomes that of 
starting with two sets, each of three points in the plane, and join- 
ing each point in the first set to each point in the second set with 
lines that do not cross. 

Such questions come within the domain of mathematics known 
as graph theory, or the theory of networks. 

A network has two main parts: 


Figure 95 


(i) a set N, whose elements are called nodes or vertices, 
(ii) a way of specifying when two vertices are joined to- 
gether. 


We could make this abstract definition more respectable using 
set theory. But it is much easier to grasp the ideas involved by 
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representing the vertices as dots, and joining them up by lines. 
The lines will be called the edges of the network. The precise dis- 
position of dots and lines is not important; what is important is 
that the connections should be correctly made. 

The diagrams in Figure 96 represent basically the same network. 
(Only the crossings marked with circles count.) 


AD 


Figure 96 

Each network has 4 vertices, with all possible pairs joined. One 
diagram can be turned into the other by moving dots and lines 
around, as in Figure 97. 


ALLA 


It is not even necessary to use straight lines ; the same network is 
represented by the arrangements in Figure 98. 
It is the topological structure of the network that is important. 


SY 


Figure 98 


! 
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It is not always possible to draw networks with no lines cross- 
ing. Networks which can be drawn without crossings are called 
planar networks — they can be drawn in the plane. 

The puzzle with which we started can now be rephrased: Js the 
network of Figure 99 planar?’ 


Figure 99 


Before we can provide a satisfactory answer we must study the 
properties of planar networks. 


-Euler’s Formula 


A path in a network between vertices a and b is what one would 
expect: a sequence of edges, starting at a and ending at 4, such 
that each edge ends where the next one begins. In Figure 100, a 
and b can be joined by a path. 


4 


Figure 100 
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On the other hand, a and ccannot be joined by a path, becausec 
lies in a part of the network which has no connections with the 
piece in which a lies. A network in which any two points can be 
joined by a path is said to be connected. That means that it does 
not fall into two (or more) distinct pieces. Any network is made 
up of connected pieces. 

For this reason it is usual to confine attention to connected net- 
works; more general ones can usually be dealt with by looking at 
the connected pieces. 

The type of network we shall discuss from now on will be 
finite and connected. By ‘finite’ we mean that the number of 
vertices and edges is finite. Such a network is shown in Figure 101. 


Figure 101 


Any such network divides the plane into a number of regions, 
which we shall call the faces of the network. The one in Figure 101 
has 8 faces. It has 14 vertices and 21 edges. 

A network of the kind we are interested in (finite, connected, 
planar) resembles a map of an imaginary island; and to avoid 
cumbersome terminology we shall use the word map when re- 
ferring to such a network. 

At this point you should draw a few maps; and count the 
number of faces (F), vertices (V), and edges (£). Here are three to 
start you off (Figure 102). 
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Figure 102 


Tabulate your results like this: 


eG I? . 
8 14 21 
4 Ne 
4 ae 
6 70)..,.35 


Can you spot any connection between these numbers? 

You might notice that E is always the largest. F and V are 
smaller, but between them come to much the same size: 22, 10, 10, 
16in the table above. These are all 1 larger than the corresponding 
E. So it looks as if 

F+V = £E+1 
or 

V—E+F=1 (T) 
for any map. 

The first person to prove that this formula does in fact hold for 
any map was Euler (1707-83). On the face of it, there is no very 
good a priori reason to expect any relation between F, V, and E : 
but anyone who took the trouble to count them for a dozen or so 
maps would eventually observe that (t+) seems to be true Not that 
this helps us to prove it. 

With hindsight, there is a considerable clue in the expression 
V—E-+-F. It is the same for all maps. In particular, if we change 
one map into another one, it remains unaltered. 
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There are various ways in which V—E+F can remain un- 
changed, but two of them are simpler than the others. The first is 
if E and F both decrease by 1. Then their difference doesn’t alter, 
so that V-E-+F doesn’t alter either. The second is if V and E 
both decrease by 1. 

The first situation occurs if we erase from a map a face which is 
on the outside, together with one outside edge. If you like, we 
remove a stretch of coastline, together with one face, as in Figure 
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The second situation occurs if we havea single vertex ‘ dangling” 
at the end of an edge, as in Figure 104. 


recy 


Figure 104 


Figure 103 


These operations are known as collapses. What we have 
noticed is that V—E-+-F is unaltered by either type of collapse, 
and hence unaltered by any sequence of collapses. 
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Imagine the island to be surrounded by an angry sea. Bit by bit 
it erodes the coastline away, causing one or other kind of collapse. 
While this is happening V—E-+-F remains serenely unchanged. 
The sea continues its work bit by bit . . . until there is no island 
left. 

Did I say no island? That was hasty. Let’s try it out (Figure 105) 
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Figure 105 


In fact, we reduce the island to a single point. 1 vertex, 0 edges, 
0 faces. So for this, V—-E+F = 1—0+0 = 1. But V—E-+ Fis not 
changed by collapses. So for the original island, we must also have 
had V—E+F=1! : 

This, in flowery language, is essentially a proof. Every map can 
be collapsed to a point without changing V-E+F, and for a 
point this takes the value 1. So (¢) holds for any map. 

This formula — Euler’s formula — is extremely useful in a sur- 
prising variety of situations. Our first application will be to the 
problem of the houses and the utilities. 


Non-Planar Networks 


The problem, once again, is: is the network of Figure 99 planar? 

We apply what in chess language might be termed ‘the 
mathematician’s gambit’: we concede that it might be planar. On 
the basis of this concession we try to deduce a contradiction: it will 
then follow that it isn’t planar after all. 
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The network has V = 6, E = 9, Wecan’t work out F because it 
isn’t drawn on the plane. But if it were, then however it was drawn, 
it would have F faces, where 

6—9+F = 1. 
So we must have F = 4. 

Now we have to work out where the faces will come, without 
actually drawing the network on the plane. 

Each face of a planar map is surrounded by a closed circuit, or 
loop, of edges, as in Figure 106. 


Figure 106 


The perimeter (‘coastline’) forms such a loop. Now in Figure 
99 the closed loops contain either 4 or 6 edges, as you should 
check. If it is drawn on the plane it will have 4 faces, each with 
either 4 or 6 edges; the different possibilities being 


4444 
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Now let’s count the edges a different way. Each edge lies on 2 
faces, except for the ones round the outside. If we pretend that the 
outside is an extra very large face, it also has 4 or 6 edges; and we 
now have 5 faces 


168 Concepts of Modern Mathematics 
44444 


44446 
i a a a 
44666 
46666 


6.6 6,656 


such that each edge touches 2 faces. So the sum of the edges of 
the faces is twice the number of edges altogether. In the above 
cases the number of edges must therefore be (respectively) 10, 11, 
12, 13, 14, 15. But we already know that E = 9. 

This is a contradiction, so the assumption of planarity was 
false. The network is not planar; and the ‘mathematician’s 
gambit’ has payed off again. It follows that the puzzle cannot be 
solved using lines that do not cross, or go through houses or 
sources of supply. 

The great thing about this proof is that it makes no mention of 
any possible ways of attempting to draw the connections. It by- 
passes all such considerations by admitting that there might be 
some way of making the joins, and then showing that there are 
none. . 

In a similar way we can deal with the network of Figure 107. 

For this, V = 5 and E = 10,so F would be 6 if the network were 
planar. Now every face must have at least 3 edges. If we throw in 


Figure 107 
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an extra face around the outside the sum of the number of edges 
of the faces is twice the number of edges: this sum is at least 
3.7 = 21, so the number of edges is greater than 10. But we know 
already that E = 10, a contradiction. So this network too is non- 
planar. 

These two networks are important as prototypes for a// non- 
planar networks. Kuratowski has proved that any non-planar net- 
work must contain within it one of these two. The result is not 
hard, but it takes several pages of case-by-case analysis, and we 
shall not go into the matter.! 

The problem of planarity of a network has some practical ap- 
plications to electronic circuits — particularly printed circuits and 
microminiature integrated circuits — but other considerations 
enter: the lengths of the connections may be important, and com- 
ponents can interfere with each other without actually touching. 


Another Application 


Euler’s formula can be used to yield almost everything known 
about the famous (infamous?) four-colour problem: given a map, 
can it be coloured with 4 colours so that no 2 faces which touch 
along an edge have the same colour? 

Certainly 4 are necessary (Figure 108), and it is possible 


Figure 108 


to show that no map can have 5 faces, each touching the other 4 
(along an edge). However, this does not prove that 4 will always 
be enough. 

The best that is known is that 5 colours will suffice. The gap 
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between 4 and 5 has never been filled. (Before you rush off to try, 
let me warn you that the problem is extremely subtle. I expect it 
to succumb only to a very deep understanding of planar networks.) 

By ‘map’ I have so far meant a map on the plane, in our pre- 
vious sense. The problem for a plane has the same answer as the 
analogous problem for maps on a sphere, because of what we 
might call the ‘orange-peel trick’. Given a map on the sphere, we 
make a small hole inside one of the faces, whereupon it can be 
pulled open into a planar map. Conversely, a map on the plane 
can be folded around a sphere to give a map on the sphere, with 
the region outside the original map forming an extra face. 

In consequence, if every map on the plane can be coloured with 
4 colours, the same is true for the sphere, and vice versa. It 
happens to be more convenient to talk about the sphere, for the 
same reason that we introduced an extra face outside the map in 
the previous section. The extra face means that on a sphere we 
have 

V—E+F = 2. 

We shall now prove that 5 colours are enough to colour any 
map on the sphere (and hence on the plane). The proof will pro- 
ceed as follows: we find ways to modify any given map which 
reduce the number of faces, so that from a 5-colouring of the 
reduced map we can reconstruct a 5-colouring of the original. By 
reducing often enough we get down to a map with 5 or fewer 
faces, which can obviously be 5-coloured; working backwards 
gives a 5-colouring of the original map. 


(i) We can eliminate vertices where more than 3 faces 
touch. For if 4 or more do, some pair of them do not touch 
anywhere else, and we can merge these (Figure 109). If the 


Figure 109 
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new map can be 5-coloured, so can the old: we colour the 2 
old regions the same as the single new one. 

If the vertex we started with was surrounded by a large 
number of faces, we would have to reduce several times be- 
fore getting down to only 3 faces. 

(ii) We can remove 3-sided faces by merging them with a 
neighbour (Figure 110). 


Figure 110 


From a colouring of the new map, we can 5-colour the old by 
choosing a different colour for the 3-sided face from the 3 
colours around it. 

(iii) Similarly we can merge any 4-sided face with a neigh- 
bour (Figure 111). With 5 colours around, there is still one 
left to colour the merged face. 


Figure 111 


(iv) We now have a map on the sphere, all of whose faces 
have at least 5 edges. We prove that at least one face must 
have exactly 5 edges. 

If the map has V vertices, E edges, and F faces, we know 
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that each vertex lies on 3 edges (by step (i)). And each edge 
lies on 2 faces. So we have 


3V =2E =aF 
where a is the average number of edges to a face. Since 
V—-E+F=2 | 
we have 
a. 2 
-~F—-F+F =2 
Fe: , 
so that 
a= ea. 
F 


which is less than 6. If the average number of sides per face is 
less than 6, then some face must have less than 6 edges. But 
every face has 5 or more edges. So there must be a face with 
exactly 5 edges. 

(v) Consider such a 5-edged face P, having neighbours 
Q, R, S, T, U asin Figure 112. 


Figure 112 


Some pair of neighbours do not touch—and we can arrange 
our notation so that they are Q and S. Now merge all 3 
regions P, Q, S (as in Figure 113). 

If the resulting map can be 5-coloured, so can the original 
one: in the merged map Q and S have the same colour, so 
there are only 4 colours surrounding P, which leaves one 
spare. 

(vi) Since the number of faces decreases with each merger, 
we eventually get a map with 5 or fewer faces. This obviously 
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Figure 113 


can be 5-coloured: all we do is pick a different colour for 
each face. 


Reversing the steps, we find we can 5-colour the original map. 

To recap: we apply a reduction process to the original map, 
gradually making it less complicated. We do this in such a way 
that at each stage we can colour the old map provided we can 
colour the new one. The proof ensures that eventually the new 
map can be coloured: so the previous one can, then the one before 
that ... and eventually we find out how to colour the original 
map. 

To see how this works out in practice, draw yourself a map (not 
too many faces!), follow the reductions through, and find a way to 
colour it. 

On surfaces other than the sphere the analogous problem has 
been completely solved. We discuss this briefly in Chapter 12. But 
for the sphere, the simplest kind of surface, all that is known at 
the present time is that 5 colours suffice and 4 are necessary. 

In a way it would be a pity if the problem were solved. It is a 
supreme example of a problem which is very easy to state, and 
incredibly hard to answer. 


Chapter 12 Topological Invariants 


‘The true traditional doughnut has the 
topology of a sphere. It is a matter of 

' taste whether one regards this as having 
separate internal and external surfaces. 
The important point is that the inner 
space should be filled with good 
raspberry jam. This is also a matter of 
taste’-—P. B. Fellgett . 


It is usually not too hard to prove that two given topological 
spaces are topologically equivalent (assuming this to be the case). 
All we need do is exhibit a suitable function between them. 

Much harder is a proof that two inequivalent surfaces are 
inequivalent. We have to show that, out of a potentially infinite 
number of possible functions, no suitable one exists. The two 
spaces of Figure 114 (in which we are thinking of the surfaces, 
not the insides) are obviously topologically different. Yet how to 
prove it? 


Figure 114 


We can see that the torus has a hole in it, and the sphere does 
not. But the problem is that the hole is not in the torus at all, it’s 
in the surrounding space. And we know that it’s dangerous to 
draw conclusions that could depend on the surrounding space. As 
a topological space in its own right, the torus does not contain 
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anything that we could call a hole. The hole is not a part of the 
torus that we see, 

One way to distinguish between inequivalent topological spaces 
is to find some topological property which one has and the other 
hasn’t. For example, every closed curve on a sphere divides it into 
two pieces (Figure 115), but on the torus there exist closed curves 
which do not cut it into separate pieces (Figure 116). 


Figure 115 


Figure 116 


The properties: closed curve, connected, disconnected are 
topological; which proves that the two spaces, sphere and torus, 
are topologically distinct. 

By refining this technique we doula distinguish between, say, a 
surface with 19 holes and one with 18, but the details would be 
very messy and not terribly satisfying. 


Euler’s Formula Generalized 


The property of the sphere, that for any map V—E+F = 2, is 
topological. Any continuous transformation applied to a sphere 
C.M.M.—9 
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transforms a given map into one with the same values of V, E, and 
F. 

If we try drawing maps on the torus, we find that V~E-+-F is 
no longer 2. For the map in Figure 117 we have V = 4, E = 8, 
F = 4, so that 


V—E+F = 0. 


Figure 117 


Thesameequation holds for any other map on the torus, for much 
the same reason that Euler’s formula was true for any map on the 
plane or sphere. This property of maps on a torus is also topo- 
logical. 

We can generalize this formula to a wide range of topological 
spaces, known as surfaces. 

Both the sphere and torus can be triangulated, that is, covered 
with triangles which fit together along their edges (Figure 118). 


@ G 


Figure 118 
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It doesn’t matter that the triangles are not flat, or that the edges 
aren’t straight: all we need are bits which are topologically 
equivalent to ordinary triangles. 

Any space which can be built up from a finite number of 
triangles, so that any pair which touch do so along a single edge, 
or at a single vertex, is said to be triangulable. A surface is a topo- 
logical space which is 


(i) triangulable, 
(ii) connected (i.e. all in one piece, as for networks), 
(iii) without any edges. 


Examples of surfaces include the sphere, torus, Klein bottle, 
and projective plane: Figure 119 shows a triangulation of the 
projective plane. 


Figure 119 


The MObius strip is not a surface in this sense, because it has an 
edge. The plane is not a surface, because it cannot be built up 
from a finite number of triangles. 

On any surface we can draw maps, as we did on the sphere, 
and we can count the faces, edges, and vertices. For a given sur- 
face S the number V—E-+-F can be shown to be independent of 
which map we choose. It is known as the Euler characteristic of 
the surface, and is denoted by x(S). Because it does not depend on 
the choice of map, it is the same for topologically equivalent 
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spaces: in consequence it is a topological invariant. (A topological 
invariant is anything that is the same for topologically equivalent 
spaces.) 

Another topological invariant is orientability. The torus cannot 
be topologically equivalent to the Klein bottle, because the torus 
is orientable and the Klein bottle isn’t. 

These two invariants: Euler characteristic and orientability, 
suffice to distinguish all the different surfaces we have so far en- 
countered: 


S x(S) orientable? 

sphere 2 yes 

torus 0 yes 

double torus —2 yes 

projective plane 1 no 

Klein bottle 0 no 
Constructing Surfaces 


Our eventual aim will be to classify all the possible surfaces, up to 
topological equivalence. The first step is to construct a set of 
standard surfaces. 

The technique we use to construct them is known as surgery: 
cutting spaces up and then gluing them together again. It is very 
useful in topology. 

Standard orientable surfaces are formed by sewing handles on 
spheres, If we sew on no handles, we get a sphere. To sew on a 
handle, we cut two holes out of the sphere and sew in a cylinder, 
whose edges are joined to the edges of the holes (Figure 120). 

One handle gives a torus, two handles a double torus, and so on. 
The standard orientable surface of genus n is a sphere with n 
handles sewn on. (The word genus just gives us a peg on which to 
hang the number 7.) 

Standard non-orientable surfaces are obtained by sewing on 
Mobius strips. To do this, cut one hole in the sphere. This has a 
single circular edge: the Mdbius strip also has a single circular 
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Figure 120 
edge, and we join them up. If you try to do this in 3-space the 


MObius band has to intersect itself, forming a cross-cap. But 
abstractly there is no cause for alarm (Figure 121). 


> 
~— 


ie 


Figure 121 


Sewing on one Mobius strip gives a projective plane (as in 
Figure 86), Sewing on two gives a Klein bottle, much as in Figure 
83. 


The Euler Characteristic of a Standard Surface 


Our next step is to calculate the Euler characteristics of our 
standard surfaces. For the orientable case, we work as follows: 
we may assume that the two discs cut out of the sphere are faces of 
a map, part of which is shown in Figure 122. 

For this map, V—E-+F = 2, because we are on a sphere. Now, 
adding a handle as in Figure 123 changes this: we lose 2 faces on 
the sphere but gain 2 faces on the handle, the vertices do not 
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Figure 122 


change, and we gain 2 edges. The net result is to decrease the 

Euler characteristic by 2. The same thing happens for each handle 

we add, so by adding handles we decrease by 2n. Therefore, the 

Euler characteristic of the standard orientable surface of genus nis 
2—2n. 


Figure 123 


In particular, this proves that standard orientable surfaces of 
different genus are not topologically equivalent, because they have 
different Euler characteristics. 

Next we turn to the non-orientable case. We can assume that 
the disc removed is part of a map looking like Figure 124. 


Figure 124 
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If we sew ina Mobius strip asin Figure 125 we find that we lose 
1 faceon the sphere, gain 1 face on the strip, and gain 1 edge onthe 
strip. So this time the Euler characteristic decreases by 1 for each 


Figure 125 


Mobius strip. For the standard non-orientable surface of genus 
the Euler characteristic is 

2—n. 
Again, this suffices to distinguish between the standard non- 
orientable surfaces. 

The two invariants, Euler characteristic and orientability, be- 
tween them show that all our standard surfaces are topologically 
distinct. We shall now show that any surface is topologically 
equivalent to one of the standard ones. 


Classifying Surfaces 


The method of proof we shall use is due to E. C. Zeeman.’ We 
use surgery to chop up a given surface into a number of pieces, 
which we can then reassemble into a standard surface. The chop- 
ping-up and reassembly will be done in a way which gives topo- 
logical equivalence: we always join up pieces along the same lines 
that we cut them apart by. 

Let S be a surface. We draw a curve on S which (if possible) 
does not split S into 2 pieces. If ever it transpires that we cannot 
find such a curve, we stop. 

A narrow strip of surface on either side of the curve will be 
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topologically equivalent to a strip with its ends joined. Therefore 
it is either a cylinder or a MObius band. 

Now we apply surgery. If the strip is a cylinder, we remove it 
and sew in two discs across the holes left. We mark each disc with 
an arrow to remind us how to put the cylinder back. If the strip is 
a Mobius band, we remove it and sew in one disc. 

In the same way that we calculated the Euler characteristic of 
the standard surfaces (but in reverse) we see that every surgery 
increases the Euler characteristic; by 2 if we had a cylinder, by 1 if 
we had a Mdibus strip. We now appeal to the 


Unproved assertion A: the Euler characteristic of any sur- 
face is at most 2. 


Thus our sequence of surgeries must stop, after finitely many 
stages. But it only stops if we can find no curve which does not 
split the surface up. 


Unproved assertion B: a surface which is disconnected by 
every curve on it is topologically equivalent to a sphere. 


So when our surgeries stop, we have a sphere. 
Now we reverse the process. Three kinds of desurgery can 
happen. 


(i) We have two discs with arrows going round in opposite 
directions, and sew in a cylinder. This is the same as sewing 
on a handle (Figure 126). 

(ii) We have one disc, and sew in a Mébius band. 

(iii) We have two discs with arrows going the same way: 


c> —_— 


Figure 126 
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sewing a cylinder back is the same as sewing on a Klein 
bottle (Figure 127), which is equivalent to sewing on two 
Mobius strips (compare Figure 83). So we can convert the 
third kind of desurgery into two of the second kind. 


— cs 
Figure 127 


If we started with an orientable surface S then only the first 
kind of desurgery occurs. So we end up witha sphere plus handles: 
which is a standard orientable surface. All we have done is pull S$ 
apart and put it back the same way (but keeping track of how the 
pieces fit) so S is topologically equivalent to the standard surface. 

If we started with a non-orientable surface S, all three kinds 
can occur. We can eliminate the third kind as above. Because we 
are in the non-orientable case, at least one of the second kind 
must occur. If now we have any of the first kind, we can take one 
of the discs, and transport it around the Mobius strip. The result, 
as with the hypothetical mittens in Chapter 10, is to reverse the 
direction of the arrow on the disc. So now we have the third kind 
of desurgery; which we again convert into two applications of the 
second kind. So now we can desurger using only the second type 
of desurgery: sewing in a Mobius strip. But doing this gives us a 
standard non-orientable surface. 

Apart from the two unproved assertions, we have shown that: 
every surface is topologically equivalent to the standard orientable 
surface of genus n > 0 or to the standard non-orientable surface of 
genus n > 1. (We don’t need n = 0 in the second case, because 
that’s just a sphere, which is orientable, and covered by the first 
case with n = 0.) 

Assertions A and B were left unproved in order not to interrupt 
the flow. Now, we must deal with them. if 
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The Proof of Assertion A 
We can define the Euler characteristic of a network N to be 


because a network as such has no faces. (Only when it is drawn on 
some surface will it be possible to define faces; in the above 
definition we therefore neglect them.) 

If Nis anetwork, we can show that y(N) < 1, as follows: 

If Nhas any circuits, we break one, throwing away an edge only. 
This decreases E, and so increases x(N). We can repeat this until 
no loops are left. A network without loops is called a tree, and 
looks like Figure 128. 


Figure 128 


When we have a tree, we can use collapses (as in Chapter 11): 
we remove a vertex from the end of a ‘branch’, and also the edge 
attached. The result leaves the Euler characteristic unchanged. 
After enough collapses, we get down to a single point, for which 
the Euler characteristic is 1—0 = 1. Going back to N: first we 
increased y(N), then we left it unchanged, and eventually we got 1. 
So x(N) < 1. 

We also see that the Euler characteristic of any tree is exactly 1. 

Now we look at our surface S, and prove that 7(S) < 2. We 
know that S is triangulable, so there exists a map on S (with 
triangular faces). We define a new map, the dual map, as in Figure 
129: we put a vertex in the middle of each triangle, and draw an 
edge between any two vertices in adjacent triangles. 
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Figure 129 


The vertices and edges of the dual map form a network. Inside 
this network we can find some trees (for example, a single point). 
From among these we take a maximal one: one that cannot be 
made larger without ceasing to be a tree. We call this a maximal 
dual tree. (An example is given by the heavy lines in F igure 130.) 


Figure 130 


A maximal dual tree must contain all the vertices of the dual 
map. If not, we can connect up some new vertex by a path. This 
path will hit the dual tree at some point P, and the point Q before 
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it hits will not be in the tree. Adding Q and the edge PQ to the 
tree still gives us a tree; but this contradicts maximality. So all the 
vertices must be included already. 

The parts of the dual network not included in this maximal tree 
cannot be split into two disconnected pieces. For the only way 
this can happen is if the dual tree completely surrounds part of the 
dual network, which involves a loop in the dual tree. Being a tree, 
it has no loops. 

Suppose M is a maximal dual tree, and C is the part of the dual 
network not included in M. Then there is a bijection between: 


(i) triangles on S and the vertices of M, 

(ii) edges on S and the edges of M and C (because each 
edge defines a unique dual edge and M and C together give 
the whole dual network), 

(iii) vertices on S and vertices of C. (Each vertex on S 
corresponds to a face of the dual map: exactly one vertex of 
this face is in C. Because if more were in C we could make M 
bigger.) 


This means that 
XS) = 4(M)+x(C). 
Now M is a tree, so y(M) = 1. And C is connected so x(C) < 1. 
Therefore 
x(S) <2 
as claimed. 


Proof of Assertion B 


Let S be a surface, such that every closed curve on S disconnects 
S. We wish to show that Sis a sphere. 
First we prove that x(S) = 2. Let M and C beas before. Since 
x(S) = x(M)+x(C) 
it follows that, if 7(S) # 2, then x(C) * 1. So Cis nota tree. 
Therefore C contains a closed loop. This is a closed curve on S, 
and by hypothesis disconnects §. But each piece into which S is 
split by the curve in C must contain a dual vertex. These have to 
be joined in M, so M must cut through the loop in C. But M and 
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C were defined to be disjoint. This is a contradiction; so our 
hypothesis that x(S) # 2 is wrong. So x(S) = 2. 

Now it follows that 7(C) = 1. So C is a tree. If you take a tree 
and ‘fatten it up’ a little, as in Figure 131, the result is topo- 
logically equivalent to a disc: all you need do is shrink the 
branches down towards some given point. 


Figure 131 


Define two subsets of S as follows: a point of S lies in X if it is 
nearer to M than to C. A point of S lies in Y if it is nearer to C 
than to M. 

Each of X and Yisa ‘fattening’ of M or C, so is topologically a 
disc. Further, X and Y meet along their edges. So S is topo- 
logically equivalent to two discs sewn edge to edge . . . which is a 
sphere 


Map-Colouring on Surfaces 


We can consider how many colours are needed to colour a map 
on a surface of standard type. 
For Euler characteristic n it can be shown (by essentially the 
argument that showed 5 colours sufficient on a sphere) that 
(4(7+-V(49—24n))] 
colours suffice, provided n <1 (which is true except for the 
sphere). 
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For the torus, where n = 0, the formula gives 7. This is also a 
necessary number of colours, as shown by Figure 132. 


Figure 132 


Recent research? has shown that the formula gives the exact 
number of colours required in all cases except two. For the sphere, 
it gives the answer 4, which may or may not be correct. For the 
Klein bottle it gives 7, which is definitely wrong: only 6 are 
needed. 

This compounds the curious status of the 4-colour problem: 
only for the sphere, the simplest possible surface, do we not know 
the answer. 


Chapter 13 Algebraic Topology 


The Euler characteristic is a numerical invariant which, as we 
saw, can be used to distinguish between topologically inequivalent 
spaces. The search for other invariants has revealed a remarkable 
connection between two branches of modern mathematics: topo- 
logy and abstract algebra. There are innumerable algebraic in- 
variants associated with topological spaces: most commonly we 
associate a group with a space, in such a way that topologically 
equivalent spaces have isomorphic groups. 

The hope is that by amassing enough invariants, we might be 
able to classify certain broad classes of topological spaces. Except 
for surfaces (where the Euler characteristic and orientability 
suffice) this has never been done, but mathematicians are closer 
than ever before to a genuine understanding of the problems 
involved. 


Holes, Paths, and Loops 


Suppose we wish to distinguish between a disc, and a disc with a 
hole in it. 

We might notice that in the disc, any closed path can be shrunk 
until it reduces to a single point; but if there is a hole a closed 
path round the hole cannot be shrunk to a point — the hole gets 
in the way. 

The ‘shrinkability’ of a closed curve is clearly a topological 
property, so we have achieved our immediate aim of distinguish- 
ing the two spaces. What I now want to do is develop the key idea: 
that holes can be detected by looking at paths in the space, and 
ways of deforming the paths. 

Let’s put our terms on a better footing. A path in a topological 
space is a line joining two points of the space. It doesn’t matter 
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how wiggly it is, or even whether it crosses itself ; but there must be 
no breaks. We want the path to be continuous. 

However, if the path does cross itself, we must specify which 
way to go around it: the two paths of Figure 133 are to be con- 
sidered different. 


Figure 133 


_ This is important: if we want to use paths to detect holes, the 
way we go round the path affects the way the path wraps around 
the hole. In Figure 134 one path can be ‘ pulled away from’ the 
hole, and the other one can’t. 


Figure 134 


The easiest way to specify how to travel along a path is to 
imagine a point moving along it. At time f¢ this point will be in 
position p(t). It starts at some time to and ends at some time f;. 
Since the path has no breaks, this means that P specifies a con- 
tinuous function whose domain is the set of real numbers x in the 
interval tg < x < t,, and whose target is the given topological 
space. Each such function defines a path, and each path defines 
such a function. 


on een mee 
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If one path ends where another begins, we can compose them by 
travelling along the first and then along the second as in Figure 
135. 


i. 


B q 


Figure 135 


We use p to travel from A to B; then reset our clock to the 
starting time for q to travel from B to C. Let’s denote the resulting 
path by 

p*q. 

If p is defined on the interval tg < x < t, and gq on the interval 
te <x < t, then p*q is defined on to < x < t1—t2+14s, because 
of the way we reset the clock in the middle. 

Composition * of paths defines an operation on the set of 
paths: composing any two paths gives another, so the set is 
closed under the operation. Further, * is associative (Figure 136). 


A : C 


B 


Figure 136 


Going from A to Band then from B to C to D (i.e. p*(q*r)) is 
obviously the same as going from A to B to C and then C to D 
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(i.e. (p*q)*r)). (This is reminiscent of the reason why multipli- 
cation of functions was associative. But notice that p*q is not the 
same as pq: in fact, the ranges and domains don’t fit very well, 
and pq cannot be defined.) 

However, we cannot compose any two paths: their ends have to 
fit. If we fix a base point A we can restrict attention to /oops at A, 
that is, paths which start and finish at A. There isnow no problem 
about composing loops, because the second always starts where 
the first one ends — at A. So the set of loops at A is closed under 
the operation *, and the associative law holds. 

These are axioms (1), (2), and (3) for a group (see p. 100). 
Already we have produced some kind of algebraic structure. In 
fact axiom (4) holds as well; the trivial loop — stay at A and take 
no time in doing it - composes with any other loop to yield that 
loop. 

The only thing that is missing is axiom (5), the existence of in- 
verses, Now, what is an inverse? It is a way of undoing something. 
To undo a loop, we should travel along it in the opposite direc- 
tion. 

Unfortunately, this doesn’t quite work. An inverse p~' to a 
loop p should compose with p to give the trivial loop. But it takes 
no time at all to traverse the trivial loop: whereas to traverse 
p*p~? takes as least as long as traversing p. 

We can’t get round this by changing our choice of the identity: 
if p*x is to equal p, then it must take no time to go round x, in 
order to leave long enough to go round p. 

Nonetheless, we so nearly have a group that surely there is 
some way out? 


Homotopy 


The ring Z of integers does not possess multiplicative inverses. 
But if we chop it up into congruence classes to a prime modulus, 
inverses miraculously appear. 

Our present predicament is analogous: we haven’t got inverses 
_ but we want them. Its solution is similar: chop the set of loops up 
into some kind of classes, and operate on the bits. 
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What we need is something like ‘congruence’ for loops — 
although congruence in the sense of Euclidean geometry won’t 
do. Our original purpose: using loops to find holes, gives a useful 
clue. In discussing the hole in the disc we talked about ‘shrinking’ 
the loop. 

Given two loops in a space S we shall say that they are homo- 
topic if one can be deformed continuously into the other inside S. 

This time we really do want deformations and not just con- 
tinuous functions. There is no problem about embeddings 
changing anything, because the loops are already embedded in S 
and S is what we are interested in. 

In fact it is easier to illustrate homotopy for the more general 
paths. The definition is the same: but of course homotopic paths 
must have the same end-points. The two paths in Figure 137 are 
homotopic. (The deformation is shown by the sequence of dotted 
paths.) 
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Figure 137 


The paths of Figure 138 are not homotopic, because the hole gets 
in the way. 

Instead of paths we consider homotopy classes of paths. Given 
a path p we let [p] denote the set of all paths homotopic to p. This 
is the homotopy class of p, and it behaves in a way analogous 
with the congruence class of an integer. 

If p~' is the path p in reverse, then although p*p~* is not equal 
to the trivial loop, it is homotopic. As in Figure 139, we can shrink 
p*p~* gradually back towards the base point, at the same time 
going round it faster and faster. Eventually we get back to a path 
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Figure 138 


which stays at the base-point and takes no time in doing it. (For 
clarity we have slightly separated p and p~'.) 
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Figure 139 


Now we’ve almost finished. We define composition of homo- 

topy classes by 

[p}*[4] = [p*q] 
(and check that this makes sense). And we find that the set of 
homotopy classes of loops forms a group under the operation * of 
composition. 

This is known as the fundamental group of the space S, and 
denoted by z(S). Its construction is due to Poincaré. 

If S and Tare topologically equivalent spaces, we know there is 
a function f/:.S — T such that both / and its inverse g are con- 
tinuous. 

A continuous function turns paths in S into paths in T. The 
definition of composition of paths is topological, and so is the 
idea of homotopy: and / defines a function F such that 

F([p) = Y)] 
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on the homotopy classes. The way Fis defined means that 
F([p}*[q)) = F([p))*F (a). (t) 

The inverse function g: T > S similarly defines a function G, which 
is the inverse function to F. So Fis a bijection, and (+) says that F 
is an isomorphism. 

Therefore the groups z(S) and (7) are isomorphic. In this 
sense, 2(.S) is a topological invariant. 

You could extract from 2(S) numerical invariants, such as the 
order of z(S), but in so doing you would lose useful information.* 


The Fundamental Group of the Circle 


The fundamental group is not much use unless we can calculate 
it. In general this is not an easy task, and together with its 
generalizations is the subject of a considerable body of theory. 

For some spaces: R, R?, a disc, a solid ball, ..., it is easy. 
These spaces have no holes, and any loop can be shrunk to give 
the trivial loop, as in Figure 140. 


Figure 140 


Their fundamental group is therefore the trivial group with one 
element J, such that J? = J. 

Using the ‘orange-peel trick’ of p. 170 we can work out z(S) 
when S is the surface of a sphere. Take any loop p on S. Choose a 
point not on p, and remove a small disc around this point, not 
meeting p. The remainder of the sphere can be opened up to a 
disc; inside this disc we can shrink p to a point. Folding the disc 
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up again shows us how to shrink p to a point on S. So 2(S) is tri- 
vial, too. 

The next simplest case is when S is:a circle. Any loop in S winds 
around S a certain number of times. This number is called the 
winding number of the loop. The loops in Figure 141 (drawn 


Figure 141 


slightly separated for clarity) have winding numbers 1, 2, and 0 
respectively. Reversing them gives winding numbers —1, —2, 0 
(with the convention that anticlockwise is the positive direction). 

What we shall show is that the winding number determines the 
homotopy class: two paths are homotopic if and only if they have 
the same winding number. 

This is intuitively reasonable. It seems hard to change the 
winding number just by deforming the loop. The trivial loop, of 
course, has winding number 0; and the third loop above, which 
also has winding number 0, can be shrunk back to a point. 

To prove this, we introduce an extra space into the picture. It 
will have the advantage that its homotopy properties are easy to 
work out, and be sufficiently closely connected with the circle 
that we can deduce the homotopy properties of the circle. 

Imagine a line L arranged over the circle, like a spiral staircase, 
with the point O of the line above our base point A in the circle. 
Any loop in the circle S can be ‘lifted’ to a path in the line L: 
imagine a point on L and a point on S. As the point on S moves 
round a loop, the point on L stays immediately above it, moving 
in a continuous fashion. For the loops of Figure 141 we get the 
paths of Figure 142. 

The lifted path need not end up at O, although it always must 
end up directly above (or below) O on the spiral. The number of 
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levels up or down it ends up at is exactly equal to the winding 
number. If you wanted, you could use this as a definition. 

The crucial point now is that two paths in S are homotopic if 
and only if the lifted paths are homotopic in L. If we have a 
homotopy in L we can ‘project’ it down to give a homotopy in S. 
Conversely, any homotopy in S can be lifted to a homotopy in L: 
as we deform a path in S, we deform the corresponding path in L. 

But in L homotopy properties are trivial, for L is a line, and we 
know that z(L) is trivial. Two paths in L are homotopic if and 
only if they have the same end-points. This is certainly necessary; 
and it is sufficient because of the triviality of z(L). 

All of the lifted paths in L start at O. They have the same end- 
points if they end up the same number of levels above (or below) 
O. This happens precisely when the corresponding loops in S have 
the same winding number. 

If we take a loop in S with winding number 7 and compose it 
with a loop with winding number m, we get a loop which goes 
first n times around, and then m times further. So it has winding 
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number +m. It follows that z(S) is isomorphic to the group Z of 
integers under addition. 


The Projective Plane 


If we take S to be the projective plane, it turns out that z(S) is the 
group with 2 elements 


1 ASAD BY 
Paley oe 


The element r is the homotopy class of the path shown in Figure 
143. 


Figure 143 


(Recall the way we think of the projective plane as a square with 
diametrically opposite points identified.) 

The fact that r? = J means that, although the path in Figure 
143 cannot be shrunk to a point, the path obtained by going 
round it twice can be shrunk. 

We can see this geometrically (Figure 144): we take one copy of 
the path and pull it across and over the top left-hand corner; 
because of the identifications it comes back in the lower right- 
hand corner in the reverse direction. Then we shrink the whole 
lot back to the base point. 

This curious fact is connected with the ‘soup-plate trick’, 
Obtain a soup-plate, preferably one that is not a family heirloom, 
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and hold it in front of you balanced on the tips of the fingers of 
your right hand. Bring your elbow back and down, passing the 
plate under your armpit. Keep twisting your arm the same way, 
and raise your elbow until the plate returns to its original position. 
Your arm is now twisted, and the elbow points upwards instead of 
down. 

But you don’t stop here. Continue to twist your arm the same 
way, moving the plate over your head and bringing your elbow 
around the front: and you will return to your starting position. 

Halfway round, your arm was twisted. Going round again 
ought to twist it even more. But it doesn’t: you end up in the 
original position with an untwisted arm. 

This is exactly what is happening in the projective plane: going 
round once things get twisted; going round twice brings them 
back to normal, 


C.M.M.- 10 


Chapter 14 Into Hyperspace 


‘People ask me, “Can you show us 
this fourth dimension ?.” And I reply, 
“Can you show me the first, second, 
and third?” ’-— Anonymous 


Often a mathematical generalization, at first pursued for its own 
sake, later turns out to be of great importance in mathematics as a 
whole. 

In Chapter 4 we found that the Euclidean plane can be thought 
of as the set of all ordered pairs of real numbers, which we de- 
noted by R?. In the same way, three-dimensional space can be 
thought of as the set R* of all triples (x, y, z) of real numbers. 
And of course, the line R is one-dimensional. We have 


l-space = R = the set of real numbers x 
2-space = R? = the set of pairs of real numbers (x, y) 
3-space = R* = the set of triples of real numbers (x, y, z) 


Real space stops at this point. But reality is very disappointing. 
Why not go on, putting 


4-space = R* = the set of quadruples (x, y, z, u) 
5-space = R* = the set of quintuples (x, y, z, u, v) 


and in general 
n-space = R” = theset ofn-tuples(x,,...,x,)? 


Why not, indeed? We are at liberty to make whatever definitions 
we choose. But space does not consist of points alone. It has a 
distance structure. 

From Pythagoras it follows that the distance d between points 
(x1, X2) and (y;, y2) is given by 

d* = (x,;—y1)? +(%2—y2)?, 
and the corresponding formula in 3-space is 
d? = (x;—y1)? +(%2—y2)? +(x%3—ys)?. 
In 1-space we can even write the formula in a similar form, 
d? = (x1—);)’. 
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If everything is working properly, we ought to be able to define 

distance in 4-space by 

d? = (x1—y1)? +(x2—y2)? +(%3 —y3)?+(x4—Ya), 
d now being the distance between (x,, x2, X3, X4) and (1, Y2, Ya, 
y4). And in n-space one would expect the obvious formula. 

It is not a question of whether the formula is true. We don’t 
know anything about four-dimensional space, so we have no 
possible way to check the truth of the formula. We are setting up a 
piece of abstract mathematics; we may use whatever formula we 
wish. A more helpful attitude would be ‘That’s all very well, and 
I agree that it’s the obvious formula to use, but can you do any- 
thing with it that makes sense?’. 

For something to qualify as a ‘distance’ it should satisfy three 
conditions: 


(i) The distance between any two points is positive. 

(ii) The distance between two points is the same in either 
direction. 

(iii) The distance from A to B should not be longer than 
the distance from A to C plus the distance from C to B. 


Condition (iii) says that any side of a triangle is shorter than the 
other two put together, and corresponds roughly to the idea that 
‘a straight line gives the shortest distance between two points’. 

We can verify these conditions for our formula. 

Condition (i) holds, provided we take the positive square root 
to get d. And we can take the square root, because the right-hand 
side is a sum of squares, so is positive. 

Condition (ii) says that if we change all the xs to ys and all the 
ys to xs, d should not change. But since (x;—y,)? = (¥1—*1)’, 
and so on, this is the case. 

Condition (iii) leads to an important algebraic inequality. We'll 
take the special case n = 2. From Figure 145, it boils down to 
proving that 

V/ (a? +b?) ++/(c? +d?) > V((at+c)? +(6+4)’). 
Squaring, this will be true provided 

a? +b? +c?+d?+2y/(a?+b?)(c? +d?) = (a+c)?+(b+d)’, 

i.e. provided 
2/ (a? +b?)(c? +d?) > 2(ac+bd). 
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This, in turn, is true provided 
(a? +-b?)(c? +d?) > (ac+bd)? 
which is the same as 
(a? +b?)(c? +-d?)—(ac+bd)? > 0. 
But you can work out the left-hand side, and it turns out to be 
equal to 
(ad—bc)*. 

But squares are always positive. So condition (iii) is true, at least 
in 2 dimensions. 

Similar but messier calculations work for n dimensions. And 
already our tentative idea has generated an important inequality. 

This means that, at the very least, our definition of distance is a 
sensible one. The geometers of the nineteenth century (who were 
rather running out of theorems to prove in 3 or fewer dimensions) 
began to investigate the properties of our abstract 4-space. To 
their great delight, they found that the concept was not only 
sensible, but very fruitful; full of beautiful ideas and theorems. 


Polytopes 


In 3-space there are exactly 5 regular polyhedra: tetrahedron, 
cube, octahedron, dodecahedron, icosahedron. The correspond- 
ing object in 4-space is called a polytope. Its ‘faces’ are 3- 
dimensional regular polyhedra, in the same way that the faces of a 
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regular polyhedron are regular polygons; and the arrangement of 
‘faces’ must be the same at each vertex. To avoid confusion, we’ll 
call the 3-dimensional ‘faces’ solids and leave the word ‘face’ for 
the 2-dimensional faces of these solids. 

The geometers (in particular Schlafli) found that there are 
exactly six regular polytopes in 4 dimensions: 


solids | faces | edges | vertices | type of solids name 
5 10 10 5 tetrahedron simplex 
8 24 32 16 cube hypercube 
16 32 24 8 tetrahedron 16-cell 
24 96 96 24 octahedron 24-cell 
120 720 | 1200 | 600 dodecahedron | 120-cell 
600 1200 720 | 120 tetrahedron 600-cell 


(We will return, later, to the pattern of the numbers.) 

However, in 5-space, 6-space, or higher, there are only three 
regular polytopes: analogous to the tetrahedron, cube, and 
octahedron. 

So the number of regular figures in 2-, 3-, 4-, 5-,. . .-space is 
00, S,'6, 3:3, Betees 

We can’t draw any of the polytopes on paper. But no more can 
we draw 3-dimensional figures on paper. We use a convention to 
represent 3 dimensions on the two of the paper, the convention 
we use being determined by the anatomical structure of our eyes. 
We can represent 4-dimensional figures, too. But without practice 
the pictures will be hard to ‘read’ — in the same way that engineer- 
ing drawings are hard for the non-engineer to cope with. 


Four-Dimensional Pictures 


One way to represent 4-dimensional figures is by projection. This 
is the way an artist draws a 3-dimensional scene on a 2-dimen- 
sional canvas. The scene is ‘squashed flat’ either radially or per- 
pendicularly, as in Figure 146. 

An analogous procedure enables us to project 4-dimensional 
figures into 3-space. An additional complication arises in printing: 
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Figure 146 


the 3-dimensional projection must itself be projected into 2-space! 
Two projections of the hypercube are shown in Figure 147. 


Figure 147 


In interpreting these pictures you have to take account of the 
effects of perspective. The small cube on the inside of the left-hand 
figure is, in reality, the same size as the outside one. But without 
much trouble you can see that the hypercube is made up of eight 
cubes (in the left-hand picture, one large, one small, and six dis- 
torted into the shape of a truncated pyramid). Each cube is face 
to face with six others, and there are four cubes around each 
vertex. 

There exist computer programs which display on a screen pro- 
jections of 4-dimensional figures. The operator can control the 
direction in which the projection occurs by ‘rotating’ the figure. 
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It is said that after some experience the operator can begin to guess 
how the projections will look as he rotates the figure - he begins to 
think in 4 dimensions. Topologists who work with higher dimen- 
sional spaces also tend to acquire this faculty. 

There is another way to represent 4-dimensional objects, which 
seems to be easier to visualize: we draw a series of cross-sections. 
This is analogous to the way a map shows hills and valleys by 
drawing contours: an imaginary horizontal plane is allowed to 
slice the surface of the countryside, and the curves in which it cuts 
the surface are drawn for different positions of the plane, as in 
Figure 148. 


Figure 148 


By cutting out pieces of card in the shape of the contours and 
stacking them on top of each other at the correct heights, you can 
reconstruct the shape of the surface. 

A race of creatures living in 2-space could use these cross- 
sections to visualize 3-dimensional objects. And an inhabitant of 
1-space could obtain an idea of the shape of a plane figure by 
taking a series of linear cross-sections. 

In each case the sections drop a dimension. So the cross-sections 
of a 4-dimensional figure will be 3-dimensional. 

By generalizing the algebraic formulation of taking cross- 
sections in 3-space, we can define exactly what we mean by a cross- 
section of an object in R*, or R°,.... We can use analogies to 
guess what these sections should look like in certain cases, and 
then check that we are right by algebra. We won’t bother with the 
algebra. 
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Sections of a sphere form circles, growing from a point to a 
maximum and then contracting again. So sections of a hypersphere 
(the 4-dimensional analogue) should be spheres, growing from a 
point, and then contracting, as in Figure 149. 


“o€) 


Figure 149 


Sections of a cube are always square, so sections of a hypercube 
should be cubes (Figure 150). 


PoodRo 


Stacking the Sections 


Our main problem, living in 3-space, is to stack the sections 
mentally. Again an analogy with hypothetical inhabitants of the 
plane helps. How could flatlanders stack 2-dimensional sections? 

They could get them in the correct sequence by imagining that 
the plane doing the slicing moves uniformly in time. At a given 
time ¢ the cross-section is a 2-dimensional object. If they could 
make a motion picture, whose successive frames corresponded to 
successive instants of time, they could use this to stack the pic- 
tures. They would think of a sphere as a circle, growing from a 
point, then shrinking. 

In the same way, we can stack the 3-dimensional sections of a 
4-dimensional object in time, thereby producing a 3-dimensional 
moving picture. A hypersphere would.look like a bubble, growing 
and then shrinking. A hypercube would be a cube which suddenly 
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appeared, stayed exactly the same for a period of time, and then 
suddenly disappeared. If you saw a sphere suddenly appearing, 
staying the same, and then suddenly disappearing, you would 
know that you were watching a hypercylinder with spherical 
cross-section. 

This is better, but not good enough. As it stands, we have to 
watch the movie in a fixed sequence. We are like a blind man who 
is allowed to feel objects from top to bottom in a single movement. 
We want to be able to run our hands up and down, exploring 
closely any particularly puzzling (or interesting!) feature. 

In short, we require a time-machine — or at the very least a 
reversible film-projector with variable speed. 

The machine will have a foot-pedal to control time, and some 
sort of screen for displaying 3-dimensional pictures. Fortunately 
an imaginary machine will do: use your foot as a pedal and think 
of the pictures. 

By varying the pressure of your foot you will be able to move 
around in time. As a first exercise in pedal-control, we shall undo 
a knot (in 4-space) without untying the ends. For simplicity a 
simple overhand knot will be used, but any other knot would do. 
Frame A in Figure 151 shows such a knot; it lives in 3-space at 
time t = 0. 


Figure 151 
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Grasp the string firmly at a point near the crossing X¥. Depress 
your foot, and move slightly forward in time, thereby dragging a 
small loop of string with you in the time direction, though leaving 
most of the knot in its original spatio-temporal state (shown 
dotted) as in frame B. Now push the loop downwards, below where 
the other bit of the string used to be, as in frame C. Finally, return 
to time t = 0, bringing the loop with you. The result (frame D) is 
to untie the knot. 

As a second exercise, you might try to embed a Klein bottle in 
4-space without self-intersections. Start with Figure 81 at time 
t = 0. Take hold of one bit of the ‘tube’ near the intersection, and 
move it slightly in time. 

Another thing you can visualize is the linking of a circle and a 
sphere. First, let’s set up an analogy. Consider two linked circles 
in 3-space; for convenience make one of them rectangular 
(Figure 152). Put in a time axis as shown. 


time 


SMe 


Figure 152 


The link now looks like this: at time t = 0 a point starts in the 
centre of the rounded circle. It moves forwards in time, sideways 
in space, backwards in time to before the circle, sideways in space 
to a point immediately before the centre of the circle, and finally 
forwards in time to join up the loop. 

For a link of a sphere and circle in 4-space, we do much the 
same. Imagine a sphere at time t = 0. A point starts in the centre of 
the sphere. It moves forwards in time (not cutting the sphere, 
because that disappears as soon as it starts to move), loops around 
the sphere in time and space to a point immediately backwards 
in time from the centre of the sphere, and finally moves forwards 
in time to close the circle. 
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Instead of links, you can try to visualize knots. It is possible to 
knot a sphere in 4-space, in the same way that a circle can be 
knotted in 3-space. Topologists have expended much effort on the 
problem of whether an m-sphere can be knotted in n-space. At 
the time of writing the first unsolved case is the 10-sphere in 17- 
space. 


Astronauts in 24-Space 


Imagine a pendulum swinging through a small angle. At any given 
time f¢ it has position p and velocity q. If we plot a graph of p 
against g (with time measured in suitable units) we get a circle, 
and the point (p, g) moves around the circle with uniform speed 
as the pendulum swings (Figure 153). Thus, starting at A we have 
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Figure 153 


p =0,q > 0; at Bwe have g = Oandp > 0,at Cwe havep = 0 
but now g < 0, and at D we have g = 0 and p < 0, which agrees 
with how a pendulum swings (Figure 154), 

The diagram of p against g is known as a phase diagram and the 
(p, q)-plane is called phase space. In this case it has 2 dimensions 
because the state of the pendulum is determined by two numbers: 
one position coordinate and its velocity. 

Any dynamical system has a corresponding phase space, with 
one dimension for each position variable and one for each velocity 
variable. 
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The system of sun, moon, and earth, acting by gravitational 
attraction, forms a dynamical system. There are three position 
variables for each body, and three velocity variables (because in 
3-space we need three coordinates to fix positions or velocities), 
making a total of 18 dimensions for the phase space. The state of 
the whole system at any time is represented by a single point in 
phase space; as time varies this point describes a path, which 
completely specifies the motion of the whole system. 

To compute the orbit of a spacecraft moving in the system, we 
have to throw in 6 more dimensions of phase space (for the craft), 
and the problem becomes one of 24-dimensional geometry! Not 
only is this a way of describing the problem. If developed system- 
atically it gives a deep and powerful mathematical method: 
geometrical dynamics. 

For a given dynamical system, there will be many ways to set 
the motion going. For the spaceship, we could choose various 
initial positions or velocities. To each initial state will correspond 
a point in phase space. As the system develops this point describes 
a path, so we get a family of paths, one for each initial position. If 
you imagine phase space to be filled with a fluid, such that each 
particle of fluid corresponds to a state of the system, then the 
fluid will flow along the paths. For the pendulum, the flow-lines 
will be concentric circles: the stationary point in the centre 
represents a pendulum hanging vertically at rest (Figure 155). 

Coincidentally it follows from Newton’s law of conservation 
of energy, that this imaginary fluid behaves exactly like a genuine 
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Figure 155 


fluid; and further is incompressible. As a result, the methods of 
fluid dynamics can be applied to the general theory of dynamical 
systems. Without using multidimensional geometry, this appli- 
cation could never have been made. 


Euler’s Formula Generalized Further 


Euler’s formula gave a relation between the numbers of faces, 
edges, and vertices of a map in the plane. We have generalized 
this to other surfaces; now we ask whether there exists a generali- 
zation to spaces of higher dimension. 

A ‘map’ in n-dimensional space will have n-dimensional regions, 
with (n—1)-dimensional faces; these in turn have (m—2)-dimen- 
sional faces, and so on down to the vertices, which are 0-dimen- 
sional. We let F,, be the number of n-dimensional ‘faces’ of the 
map. So for a polytope in 4-space, Fo is the number of vertices, F; 
the number of edges, F, the number of faces, F; the number of 
solids, and F, the number of 4-dimensional regions — which for a 


regular polytope is 1. 
The formula in two dimensions was 
V—E+F=1 
or 
Fo —F, 1 + F. Pe 1 . 


Bearing in mind how this formula was proved, by ‘collapses’, 
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where changes in adjacent dimensions cancelled out, we are led to 
consider the expression 
Fo—F,+F,—F3+F4 
in 4-space. We can try this out on the regular polytopes, remem- 
bering that for these F, = 1. Using the table on page 203 we find 
that the expression takes the values 
5—10+10—5+1 =1 
16—32+-24—8+1 = 1 
8—24+32—16+1 =1 
24—96+96—24+1=1 
600—1200+720—120+1=1 
120—720+-1200—600+1 = 1, 
which would be remarkable if it were a coincidence. 
For a 3-dimensional map, the analogous expression would be 
Fo—F,+F,—Fs3. 
We try this out in something less regular (Figure 156). 


Figure 156 


We have Fy = 14, F,; = 22, F, = 11, F; = 2, and 
14—22+11-—2 = 1 
which again suggests something more than mere coincidence. 
For a map in n-dimensional space, we expect the equation 
Fo—F,+F.—... +F, = 1. 
We can prove that this is the case without much difficulty: our 
collapsing technique is equal to the task. We can collapse simul- 
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taneously a vertex and an edge, or an edge and a face, or a face and 
asolid,... and in general an m-face and an (m-+-1)-face (Figure 
157): 


Figure 157 


Each such collapse leaves the left-hand side of the equation 
unchanged; and eventually we are reduced to a single point, for 
which the value is 1. (To get the proof working properly it is neces- 
sary to do the collapses in the rar; order; but we have got the 
main idea.) 

So in this case the method of sidot as well as the theorem, can 
_ be generalized. 

The n-dimensional version of Euler’s formula was first proved by 
Poincaré, and is therefore known as the Euler—Poincaré formula. 


More Algebraic Topology 


The idea of homotopy, and the fundamental group of Chapter 13, 
can be generalized to higher dimensions. Instead of paths ob- 
tained from a line segment, we use an n-dimensional hypercube. 
Instead of joining end to end we join face to face as in Figure 158. 
To obtain a group we look at hypercubes whose boundary is 
squashed up to a single point. 
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Figure 158 


The notion of homotopy generalizes suitably, and we end up 
with a group, whose elements are homotopy classes of n-dimen- 
sional ‘paths’. This is the n-th homotopy group 7,(S) of the space 
S. The fundamental group z(S) is now 7,(S), the first of a whole 
series of algebraic invariants. 

The higher homotopy groups can detect differences which a 
misses. If we remove a spherical hole from a solid ball, to geta 
space S like the thickened-up peel of an orange, then 7,(S) is 
trivial. Any loop can be slid over the hole and shrunk to a point. 
But if we put in a square, surrounding the hole, whose boundary 
is squashed up to a point (rather like putting a paper bag around 
the hole) then this square cannot be shrunk to a point inside SS. 
So z2(S) is not trivial, and detects a hole which is missed by 7. 

If we know all the homotopy groups 7,(S), %2(S), %3(S),..-5 
it might be hoped that we would know what S was, up to topo- 
logical equivalence. Unfortunately this is not the case. However, 
Poincaré conjectured that a special case might be true: if S has the 
same sequence of zs as an n-sphere, then S is an n-sphere. For 
n = 2 this is essentially our assertion B of Chapter 12. For n > 5 
it is also known to be true, and was proved by Smale.' But for 
n = 3 or4, nobody knows. 

Thus the topology of higher dimensions can be easier than that 
of lower dimensions, which is a surprise. Indeed, it is part of 
topological folklore that the worst dimension is 4. Just what is so 
special about 4-space is an unsolved mystery. 


Chapter 15 Linear Algebra 


A Problem 


Early on in school algebra we are taught how to solve ‘simul- 
taneous equations’ such as 
x+2y = 6 
3x—y = 4 () 
by the following method (or a variant thereof): multiply the first 
equation by 3 to get 
3x+6y = 18 
and subtract the second equation, which gives 
Ty = 14 
whence y = 2. Substitute this value in the first equation, which 
gives 
x+4=6 
and solve this for x, with the result x = 2. 
Suppose instead we had started with the equations 
x+2y =6 
3x-+6y = 4. (2) 
The method tells us to multiply the first by 3, giving 
3x+6y = 18 
and subtract the second, which yields 
0 = 14, 
We now attempt to solve this for y, and fail dismally. At school 
we were protected against such an event by a careful choice of 
questions. We were also protected from a related phenomenon, 
exemplified by these equations: 


x+2y =6 
3x-+6y = 18 @) 
where the standard procedure leads to the equation 
0'='0 


We could just shake our heads, declare equations like (2) and 
(3) silly, and ignore the matter. But are we certain that we can 
always detect when something silly is going to occur? 
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With the particular equations given, an explanation of the 
behaviour is not hard to find. In equations (2) the two parts 
contradict each other, and there are no solutions. In (3) the 
second equation says the same as the first, so really all we have is a 
single equation connecting two unknowns. This does not mean 
that there are no solutions to (3): on the contrary there are many. 
For example x = 2, y=2;x=4,y = 1; x =6,y =0; x =1/2, 
y = 11/4. On the other hand, we do not have absolute freedom: 
x = 1, y = 1 is not a solution. The full set of solutions can be 
found as follows: take any value for x, say x = a. For this choice 


6—a 
of a we must take y = 3 These, and only these, give solutions. 


Thus there may be 
a single solution, 
no solutions, 
infinitely many solutions, 
depending on the system of equations. In fact these are the only 
possibilities: one cannot find a system of simultaneous equations 
with exactly 2 real solutions, or exactly 3, or 4, or any finite 
number other than 0 and 1. (I won’t prove this here, but it will be 
clear from the subsequent discussion that it is true.) 
The same kind of behaviour occurs with more variables, and 
is far harder to detect. Faced with the equations 
x+4y—2z+3t =9 
2x—y—z—-t =4 
3x+7y+z—2t =7 
3x—2y—8z+5t = 21 
one might be forgiven for not noticing immediately that twice the 
first equation plus three times the second minus the third gives 
3x—2y—8z+5t = 23 
contradicting the fourth equation. If we change 21 to 23 in the 
original system we get essentially 3 equations in 4 unknowns, 
which turn out to have infinitely many solutions. 
It is not even true that if we have more unknowns than equa- 
tions we can find solutions: the system 
x+tyt+z+t=1 


has no solutions. i lh a eas 
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Simultaneous equations, then, are not the tame things we are 
encouraged to believe them to be. Their behaviour is wild and (at 
first sight) unpredictable. If only it were true that all the simul- 
taneous equations one actually encountered gave a single solution 
then we would be able to ignore the difficulties. Unfortunately, 
this is not so. Happily there are patterns concealed in the equa- 
tions which allow us to resolve most of the problems. 


A Geometric View 


The conventional technique of plotting graphs of equations gives 
some explanation of what makes (1), (2), and (3) so different. In 
equations (1) the two parts correspond to lines, as shown in Figure 
159: the unique solution is where the lines cross. 


Figure 159 


In equations (2) the lines are parallel (Figure 160) and never 
cross. 


Figure 160 
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In equations (3) the lines coincide: thus all points on them cor- 
respond to solutions. (See Figure 161.) 


<> 
Sey 


Figure 161 


Clearly these are the only possibilities for two lines, which 
explains why we must have either 0, 1 or infinitely many solutions, 
There is another way of looking at the equations geometrically 
which is more useful for a study of the general problem. What we 
do is this: we set up two sets of coordinates (x, y) and (X, Y). For 
each point (x, y) on the first graph we plot the point (X, Y) such 
that 
x+2y=X 
3x—y = Y. 
Our original problem (1) now asks for us to find the point (x, y) 
which yields (X, Y) = (6, 4). 
What happens? Let’s calculate (X, Y) for a few choices of (x, y). 


(x, y) | (X%, Y) 


(0, 0) | (0, 0) 
(0, 1) | @, —1) 
(0, 2) | (4, —2) 
(1,0) | (1, 3) 
(1, 1) | G, 2) 
(1, 2) | G, 1) 
(2,0) | (2, 6) 
(2, 1) | (4,5) 
(2, 2) | (6, 4) 
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These results are illustrated in Figure 162. 


Figure 162 


Clearly the transformation of (x, y) into (X, Y) turns squares in 
the (x, y)-plane into parallelograms in the (X, Y )-plane. 

Our original equation is solved by looking at the last entry in 
the table: x = 2, y = 2 gives X = 6, Y = 4. This is fortuitous. 
But much more is clear from the picture. Consider any point (a, f) 
on the (X, Y)-plane. Obviously some point of the (x, y)-plane will 
end up at (a, 8) because all we’ve done is stretch the plane a bit 
and rotate it. The parallelogram which contains (a, 8) comes from 
some square: and some point in this square actually ends up at 
(a, 8). For instance, take (a, 8) = (44, 3) which lies in the middle 
of one of the parallelograms shown. The middle point of the 
corresponding square is (14, 14). And sure enough, the unique 
solution of 

x+2y = 4 
3x—y = 3 
isx = 14,» = 14. 

Further, it is clear that this solution must be unique, because 
the way squares change to parallelograms will not allow two 
distinct points in the (x, y)-plane to end up in the same place. The 
transformation does not introduce folds. 
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If however we plot what happens for equations (2) (and, as it 
happens, (3)), we must look at 
x+2y = X 
3x+6y = Y. 
It is not hard to see that the only values of (X, Y) which arise lie 
on a line: namely the line Y = 3X (Figure 163). 


Figure 163 


The relevant transformation squashes the whole (x, y)-plane up 
into a single line. In equation (2) we have to solve 
xX =6, Y= 4, 
But (6, 4) does not lie on the line. So no solution is possible: no 
(x, y) can end up off the line. On the other hand, for equations (3) 
we want to solve 
X=6,Y=18 
and now (6, 18) is on the line: furthermore the squashing gives 
infinitely many (x, y) which end up at (6, 18). 
Further, all the possible values of (x, y) form a line in the 
(x, y)-plane, given by - 
x +2y = 6. 
Thus the different phenomena which occur depend upon the 
geometric properties of the transformation T such that 
T(x, y) = (X, Y) = (x+2y, 3x—y) 
and the transformation S such that 
S(x, y) = (X, Y) = (x+2y, 3x+ 6y). 
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In order to study the general equation 
ax+by = X 
cx+dy = Y 
we should look at the transformation 
U(x, y) = (ax+by, ex+dy). 
For equations in 3 unknowns 


ax+by+cz = X 
dxt+eyt+fz= Y 
gxthy+kz=Z 


we want the transformation 

V(x y, z).= (ax+by+cez, dx+ey+/z, gx+hy+kz). 
These are known as /inear transformations: their study is called 
linear algebra. 


A Hint of a Pattern 


We can reformulate equations (1) set-theoretically by using the 
linear transformation T above. They become this: is the point (6, 4) 
an element of the range of T? Recall that the range of T is the set 
of values T(x, y) which T takes: then (6, 4) is in it if and only if 
there exist x and y such that (6, 4) = T(x, y) = (x+2y, 3x—y); 
which is the same as equations (1). 

The same goes for the other two equations: they ask whether 
(6, 4) or (6, 18) are in the range of the linear transformation S. 

From the way that 7 takes squares to parallelograms it is 
geometrically obvious that the range of T is the whole plane. As 
we found, the range of S is a single line. 

If we wish to study general simultaneous equations, we should 
therefore try to find out about the ranges of linear transforma- 
tions. So far we have found planes and lines. Are these all? 

Not quite. The trivial simultaneous equation 

Ox+0y = X 

0Ox+0y = Y 
corresponds to the linear transformation F with F(x, y) = (0, 0). 
The range of F is a single point, {(0, 0)}. (The curly brackets are 
just me being pedantic about set theory: the range is a set.) 

However, this exhausts the possibilities for 2 equations in 2 
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unknowns, The range is either a plane, a line, or a point Of 
course if it is a plane it must be the whole of R?. 

When the range is a plane, solutions always exist and are unique. 
When the range is a line, solutions may or may not exist; they 
exist exactly for (X, Y) on this line; and for a fixed (X, Y) the 
possible solutions themselves form a line. When the range is a 
point, solutions exist only for (X, Y) = (0, 0) and then we have a 
whole plane of solutions: namely anything in R?. 

Let us introduce the term ‘solution space’ for the set of solu- 
tions, when such exist. Then we have the following possibilities: 


range | solution space 


plane | point 
line line 
point | plane 
For 3 equations in 3 unknowns we would expect the ranges and 
solution spaces to be either points, lines, planes, or ‘solids’ (i.e. the 
whole of R*). This is indeed the case. Furthermore we have: 


range | solution space 


solid | point 
plane | line 
line plane 
point | solid 


In other words, the smaller the range the bigger the solution 
space: but on the other hand the smaller the range the less chance 
that solutions exist at all. 

The same sort of thing happens in general. If we look at R” it 
can be proved that the dimension of the range plus the dimension 
of the solution space is m. Thus a linear transformation on R’ 
with range of dimension 3 would have a 4-dimensional solution 
space, 

Of course I have not yet defined dimension. This is where the 
subject of linear algebra really starts, but the details are best 
found in a proper textbook.’ However, it should be clear that the 
apparent wildness of simultaneous equations can be organized 
into a clear pattern of behaviour. 
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There is a useful notation for linear transformations, invented by 
Cayley. If T(x, y) = (X, Y) where 

ax+by =X 

cx+dy = Y (4) 
we pick out the coefficients and write them in a square array, thus: 


ab 

€ BF 
Such an expression is called a matrix: the matrix of T. If we know 
this matrix then we know 7, provided we know which variables 


x, y, X, Y we are using. We can bring them into the picture too by 
introducing column vectors 


()  () 


and write (4) compactly as 


Cab) © 


where by definition the ‘ product’ on the left is the column vector 
orerd 
cx+dy 
and two column vectors are equal if and only if their entries are 
equal. 


This notation can easily be extended to 3 or more unknowns. 
The general system of 3 equations in 3 unknowns takes the form 


iD e\ fe 
ad eifnwy| =(yY 
ghkj]/\z es 
Often we have to deal with several transformations one after 
another. We might have yet more variables X and Y and a trans- 
formation U such that U(X, Y) = (X, Y) where 
AX+BY =X 
CX+DY=Y (6) 
" or, in matrix notation, 
C.M.M.— 11 
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A B\(X\ _ (Xx 
(< a)(r) - () a 
We have already defined a product of transformations, which 
gives 
UT(x, y) = U(X, Y) = (X, Y). 
Now UT, it turns out, can also be represented by a matrix. From 
(6) and (4) we get 
X = AX+BY 
= A(ax+by)+B(cx+dy) 
= (Aa+Bc)x+(Ab+Ba)y, 
¥ = CX¥+DY 
C(ax+by)+ D(cx+dy) 
(Ca+De)x+(Cb+Dad)y. 


Picking out the coefficients we could write 
‘ens rie (*) er () 
Ca+De Cb+Dd]\y ¥ 
which gives the matrix of UT as 
(fe +Be Ab+ =) 


Ca+De Cb+Dd 


On the other hand, we could work purely formally to obtain from 
(5) and (7) the equation 


A B\fa b\(x ay if. 

C Dij\c dj)\y Y 
which suggests that we might get a nice kind of algebra if we de- 
fine a product for matrices by 


A B\(a b\ _ ‘phen va 
C Di\c d Ca+De Cb+Dd/). 
For example, in Chapter 2 we had transformations G and H 


where G(x, y) = (x, —y) and A(x, y) =(y, —x). If (X, Y) = 
H(x, y) then we have 


X=y =0.x+1.y 
Y= —x = (-1).x+0.y 
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so the matrix of His 


O' ch 
erp 
If G(X, Y) = (X, Y) then 
Ke Xo = 1.2X+0.Y 
Y = -—-Y=0.X+(-1)..Y 
and the matrix of Gis 
1 0 
(, 2, 


By the formula the matrix of GH should be 


fo -)(-1 9) 


~ which is 
1.0+0.(—1) 1,1+0.0 
fo 0.1+(—1).0 
which simplifies to 


0 1 
1 OP. 
Now we found that GH(x, y) = (y, x), so that 


X = 0.x+1l.y 
Y =1.x+0.y 
which checks. 

In fact we do get a nice kind of algebra by making this defini- 
tion: one which allows us to calculate with linear transformations. 
I don’t want to go into details because there is already an excellent 
treatment by Sawyer.? 

However, let me do one more calculation which shows how the 
use of matrices can give rise to results in trigonometry. In Chapter 
2 I gave a formula for the transformation ‘rotate through angle 


0’. In matrix form it is 
cos@ —sin 8 
sin 0 cos@ 


Thus the product of a rotation through @ and a rotation through 
¢ has matrix 
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cos¢ —sin¢\/cos@ —sin 0 
¢ cos fs en 0. cos f 
which works out as 
cos¢ cos @—sin ¢sin@ —cos¢sin 0—sin Acos¢ 
a ¢cos 8+cos¢sin@ —sin ¢ sin 0+cos¢ cos | 


But of course it should represent a rotation through (¢+8), with 
matrix 

cos(#+@) —sin (¢+6) 

ee (¢+0)  cos(¢ pe 


Comparing the two expressions gives the equations 
cos(¢+8@) = cos¢ cos 0—sin ¢ sin 0 
sin (¢+0) = sin ¢cos 0+cos¢ sin 0 

which are the ‘addition formulae’ of trigonometry. 


An Abstract Formulation 


Nowadays the study of linear transformations is a part of abstract 
algebra. This arises from attempts to avoid using coordinates in 
the theory. 

Given two points (p, g) and (r, s) of R? we can define their sum 
to be 

(p, 9) +(r, s) = (p+, r+s). 
If we have a real number a we can also define a product 
a(p, q) = (ap, aq). 
By means of these operations we can characterize linear transfor- 
mations: they are exactly those functions T:R? — R? such that 
forall p, g, r, sand a we have 
T((p, g)+(r, 5) = T(p, g)+T(r, 5) 
T(a(p, q)) = aT(p, q). 

(You can check this if you wish.) The first equation is very similar 
to that obeyed by an isomorphism in the sense of group theory, 
which suggests that an abstract approach along group-theoretic 
lines might be illuminating. By seeing what properties hold for 
addition and multiplication by real numbers in R*, and analogous 
operations in R* R*, R°, . . ., mathematicians evolved the follow- 
ing formulation. 
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A vector space over R is a set V with two operations, called 
addition and scalar multiplication. If uand v are elements of V and 
ais a real number then the results of these operations are denoted 
by 

u+v au 
respectively: u-+-v and au are elements of V. 
The following axioms must hold: 


(1) Vis acommutative group under addition, with identity 
element 0. ; 

(2) a@0 = OforallaeR. 

(3) Ov = Oforallve V. 

(4) lv = vforallve V. 

(5) (a+f)v = av+forforalla, BER, ve V. 

(6) a(v-+w) = av+awforallacR,v,we V. 

(7) afv = a(fv) foralla, BER, ve V. 

There are many examples of vector spaces, The standard ones 
are R, R?, R°,. . . but these are not the only ones. The polynomial 
ring R[x] in one indeterminate is a vector space: so are R[x, y], 
R[x, y, z], .... These have infinite dimension. Vector spaces 
arise in the solution of differential equations, in certain parts of 
group theory, and in modern formulations of the calculus. 

A linear transformation is now defined as a function T: V > W 
where V and W are arbitrary vector spaces, with the properties 

T(u+v) = T(u)+Tv) 
T(au) = aT(u) 
forallu,ve V,aeR. 

In this abstract formulation one can prove all the desired 
theorems about linear transformations. Because no particular 
choice of coordinates is made, the proofs are very clean and 
direct. 

However, to perform calculations in particular cases one uses 
matrix notation. 

A proper understanding of linear algebra requires a synthesis 
of three points of view: 

(i) the underlying geometrical motivation, 


(ii) the abstract algebraic formulation, 
(iii) the matrix-theoretic technique. 
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This makes matters hard for the student, to begin with; which is 
probably why most textbooks concentrate on one of the three 
viewpoints. But in the long run this bias will cause more problems 
than it solves: the sight of a student struggling with enormous 
matrices when a little geometrical insight would solve the whole 
problem in two lines is not an inspiring one. 


Chapter 16 Real Analysis 


‘There is in mathematics hardly a 
single infinite series of which the sum 
is determined in a rigorous way’ — 
N. H. Abel, in a letter of 1826 


The three cornerstones of modern mathematics are algebra, 
topology, and analysis. (Mathematical logic is more like the 
mortar which holds the bricks together.) I have treated the first two 
at some length; so it is only fair to say something about the third. 

It is an unfortunate fact of life that analysis cannot be discussed 
to any great depth without introducing many technical concepts. 
A naive approach to analysis runs into insurmountable obstacles, 
as any history of mathematics will demonstrate. 

Analysis might be described as the study of infinite processes, 
such as infinite series, limits, differentiation, and integration. It is 
the spectre of the infinite looming above us which causes the 
difficulties, 


Infinite Addition 


An infinite series is an expression such as 
1+4+4+4+.... (1) 
Its essence is the *. . .”, which seems to ask us to continue adding 
terms infinitely often. It is well to view such an expression with 
scepticism, for it appears to be asking us to carry out an impossible 
process: there is no man alive, no computer, however fast, that 
can do infinitely many additions in a finite time. One is reminded 
of paradoxical questions about light switches that are switched on 
after one second, off half a second later, on after a quarter of a 
second, off after an eighth, ... ; after two seconds, is the switch 
on or off ? 
Thus on the face of it we have no guarantee that the expression 
(1) means anything at all - an observation which escaped the 
attention of almost everybody who worked on the subject in the 
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eighteenth century. It then seemed that any kind of combination 
of mathematical symbols was mathematically meaningful; a 
naive notion of which mathematicians were disabused, painfully, 
as time went on. 

However, if (1) does mean anything, then the best guess as to 
what it might mean is surely the number 2. For we have 


1 3 
1+- =~ 
9 ? 
ae 7 
14-+- =- 
aa A 4 
pet 15 
pe ae Tigi Oe ha eee 
T2t4ts 8 
1 1 1 
1-+--+-+- — =2—— 
tg tip athe tiga aa 


If we think that the sum should be 2, then the error we commit by 
stopping after n+1 terms is 1/2”. As n gets larger 2” gets very much 
larger, and 1/2” becomes rapidly smaller. In fact, by taking large 
enough, we can make 1/2” as small as we please. 

In the eighteenth century matters would have been phrased 
thus: in the expression for the sum of n+-1 terms put 2 = ©, 
Then the left-hand side is the sum of «0 +1 terms, but 00 +1 = co 
so this is the series (1). The right-hand side, on the other hand, is 


honors Ale bitte, on Ayan sts 
fo @) 


This proves that the sum must be 2. 

Actually it does nothing of the kind, for at least three reasons. 
Firstly, we must assume that (1) has a meaning. Secondly, we must 
assume that infinite sums can be subjected to algebraic operations 
as if they were finite sums. Thirdly, the use of 00 as a symbol for 
‘infinity’ assumes that oo behaves like a number: is this assump- 
tion justifiable? 
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A blind manipulation of infinite series leads to all sorts of para- 
doxes, several of them quite charming, all of them mathematically 
disastrous. 


Thus let 
S = 1-—1+1-—1+1-—14+4.... 
Then 
S = (1—1)+(—1)+(1—1)+... 
= 0+0+0+... 
= 0, 
Equally, 
S = 1-—(1-—1)—(1-—1)—(1--1)—..... 
= 1—(0+0+0+...) 
= 1—0 
= 1, 
Or again, 


1—S = 1—(1—1+1-—1+1—1+...) 
= 1—1+1-—1+1-—1+... 
= § 
and we can solve for S, obtaining S = 1/2. 

One hopeful spirit went as far as to suggest that the equality of 
0 and 1 (expressed via S) was symbolic of creation from nothing. 
Not only does this justify the uncritical manipulation of infinite 
processes; it also gives a mathematical proof of the existence of 
God! 

The early days of analysis were bedevilled by a feeling that some- 
how all three values for S are ‘correct’. Mathematics had not yet 
learnt to cut its losses. It was gradually realized that infinite 
processes are not of themselves meaningful: they must be given a 
meaning. Once this has been done, restrictions may be imposed on 
the expressions which occur in the processes. Further, one can no 
longer assume that the usual laws are obeyed, though with luck 
something may be salvaged. 


What is a Limit? 


Let’s take a closer look at that troublesome series S. The sums to 
1, 2, 3, 4,... terms are 
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1 = 
| = 
1~1+1 = 
ee ae ae 
1—141-1+1 = 


which take alternately the values 0 and 1. As n gets larger and 
larger these do not settle down to some kind of ‘limit’; they just 
hop happily from 0 to 1 and back again. 

If we think the sum is 1 we commit an error of 1 at all even 
terms; if 0 then we are in error by 1 at all odd terms. In fact the 
best bet is 1/2, because this has the virtue of minimizing the error 
at all stages! 

A general series will look like 

a,+a2+43+... 
where the as are real numbers. The ‘approximate’ sums are 
by = ay 
bz = a,+a2 
b3 = a;+a2+a3 
ba = A, +02+043+04 


If the values of 5, settle down to some ‘limit’ as n gets very large, 
we could define the value of the series to be this limit. What do we 
mean by ‘limit’? 

A first hope is to look at the error we commit in stopping after 
terms: if a limit exists this error should become very small. But 
the error is 

an+1 +4, 42+4,43+. oe 
which is another infinite series. As far as we can see this won’t help 
us much, 

We must therefore concentrate on the sequence of approximate 
sums 

by, bo, bs, ba, eee 
and see if we can give a meaning to the ‘limit’ of this sequence. 

Example (1) should help, because we do expect it to have a sum, 

namely 2. For it, the approximate sums are 


1 
b, = ae 
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The difference b, —2 can be made as small as we please by taking n 
large enough. Thus to make 
1 1 
1000 000 = 7" dias +000 000 
we only need make 
1/2”-? < 1/1 000 000 
which works for n > 21. To make 


1 1 
SORW RPL BS ROMS TANG OT Ey cli ie ltl este 
1 000 000 000 000 = . = *7 000 000 000 000 


we need n > 41. Andsoon. 

This, and similar examples, leads to a definition. The sequence 

6, is said to tend to the limit lif the difference 
b,—l 
can be made as small as we please by taking n sufficiently large.* 

A sequence which does tend to a limit is said to be convergent. 
(The limit / must be a real number: we do not at this stage talk 
about 00.) 

Having defined ‘limit’ for the 5, we can give a meaning to the 
infinite series 

ay +az +a3 +agt+. eee 
It is the limit / of the sequence b,, of approximating sums, provided 
that limit exists. If it does, we say that the series is convergent. It 
need not always exist, as the troublesome series S demonstrates. 

We can now talk about the sum of an infinite series, but only if 
we can prove it convergent. (There are other, less natural, defini- 
tions which allow us to assign a sum to series not convergent in our 
sense — in fact the troublesome S turns out to be well-behaved in 
some of these theories, and has sum 1/2 — but we won’t discuss 
these.) 

Once we can talk about sums, we can ask about the laws of 
algebra. Can we put brackets in wherever we want, or rearrange 
terms? 

Even for convergent series, this is not always possible. The 
series 

K = 1—4+4-—4+4-4... 
can be proved convergent: in fact its sum is log,2 which is about 
0-69. 
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2K = 2—-$+3—$+3—-3+4-84+4—-et... 
ae Ae aS eo one ae 
= 2—-)—-4+G—-)—-4+6—-%)-... 
a A ae a aa 
= K. 


Therefore 1-38 = 0-69. 


The Completeness Axiom 


Our definition of convergence has one unsatisfactory aspect: 
before we can prove that a series converges we have to guess the 
limit / towards which it converges. Thus it is relatively easy to 
prove that (1) converges once we have guessed that the limit should 
be 2. As yet we have no way of testing for convergence other than 
guessing a limit. 

Progress on this depends on taking another look at the ‘error’ 
terms 

An+1 +4y42 +4n43+. i 
which we prematurely dismissed as useless. For a convergent 
series, these errors are ‘small’, Can we make this idea precise, and 
use it as a basis for a convergence criterion? 

Let’s try to approximate the error. (This looks doomed to 
failure, because we must then take into account the error in this, 
but we may as well see.) We get now 

An+t 
Qn+1 +n42 
Qn+1 +An+2+4n43 


Qn+1 +.. Ph oe Ov ae 
Suppose that these are a// small. In fact, suppose that there exists 
some small positive number k such that 
—k < ygit..-+nam <k 
for every m. Then it is reasonable to say that the whole error term 
is ‘small’, and that its size is < k. 


Real Analysis 235 


In other words, a convergent series should have the following 
property. Pick any k > 0. Then we can find an integer n (de- 
pending on k) such that for any m the ‘approximate error’ 

Gn4it- » > On+m 
is smaller than k. 

And conversely if we can do this, then the errors get arbitrarily 
small: we would expect the series to converge. 

Now the nice thing about the above idea is that it doesn’t in- 
volve any infinite sums, and it doesn’t involve guessing a limit. It 
talks only about finite sums of terms from the series. In return for 
this we have to handle a statement whose logic is fairly compli- 
cated, but no matter. 

It is here that the real numbers come in. If we thought that all 
numbers were rational we could define a limit of a sequence of 
rational numbers to be a rational number / with the property that 
the members of the sequence get arbitrarily close to /. We could 
also make the above analysis of error terms. 

Consider now the decimal expansion of +/2: 

a/2 = 1°414213 .%.. 
We can view this as an infinite series 
Gs 4 2 1 3 
I+ 0 1001 000 * 10 000 * 100 00011 000 000 
Now the approximate error in stopping after m terms is at most 
0:00... 0999...9 
———_ ee 


— 
n m 
and however large we take m this is less than 1/10". For large 
enough n, 1/10” becomes arbitrarily small. We would therefore 
expect the series to converge. 

On the other hand, if it does converge, it must converge to +/2, 
which is not a rational number. 

Nonetheless it is a series all of whose terms are rational; and in 
our ignorance we expect it to have a rational sum: but it doesn’t. 
This is an awkward phenomenon. Our intuitive feeling is that it is 
caused by the absence from the rationals of certain numbers like 
4/2. We get the real numbers by filling in the holes. 

For logical precision, we add an extra axiom to the axioms for 
rationals, known as the completeness axiom. It ensures the 


+. seis 
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existence of a real number which is the limit of a given sequence 
for which the error terms become arbitrarily small. 


Continuity 


In the chapter on topology we came across the concept of a con- 
tinuous function. The same concept is of fundamental importance 
in analysis. 
If we draw the graph of a function such as 
F(x) = 1—2x—x? 
(Figure 164) we see that there are no ‘jumps’ in the graph. 


Figure 164 


On the other hand, the graph of first-class postage rates for 
letters (at the time of writing) has a number of jumps (Figure 165). 

The first function is continuous, the second discontinuous. 

In the early days of analysis it was thought that any function 
defined by a nice formula must be continuous. This is a pious but 
vain hope: the function 

G(x) = x+/(x—1)(x—2) 
has the graph of Figure 166. 


Real Analysis 237 


Figure 165 


Figure 166 


One must therefore be more careful. Euler tried to define a 
continuous function as a ‘curve described by freely leading the 
hand’ but this was not very helpful. Cauchy at first defined it as ‘a 
function for which an infinitesimal change in the variable pro- 
duces an infinitesimal change in the value’. This is nice if you 
know what an infinitesimal is, but nobody did: naive attempts to 
handle it suffered from the same rash of paradoxes that in- 
capacitated the infinite. 

The definition in current use is based upon the idea ‘no jumps’. 

As with the housemaid’s baby, so with jumps: a small one is 
just as unhappy an occurrence as a big one. This means that we 
allow ourselves to use a microscope, so to speak, when looking 
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for jumps. Under a microscope a jump will look something like 
Figure 167. 


Figure 167 


The jump has a definite width w. So if we take po little to the left 
of x and p, a little to the right then the values f( Po) and f(p;) will 
differ by about w(~w). However, if we take Po and p, too far 
away we can’t expect to say anything much about f(pp) and f(p;). 

The standard definition of continuity of a function f defined on 
the set of real numbers is designed to eliminate jumps. We say 
that fis continuous at a point x if by choosing pp and p, sufficiently 
close to x we can make f(po) and f(p;) as close together as we 
please.* Then we say that fis continuous if it is continuous at all 
points x, 

The advantage of this definition over Euler’s is that we can 
prove certain functions to be continuous. For instance, take 

Soay= x’. 
To prove this continuous at 0 we note that if po is taken between 
—k and Oand p, between 0 and k, fora positive number k, then 
—2k? < po?—p,? < 2k?. 

The size of the difference is 2k”, and by choosing k small enough 
we can make this as small as we please. To make 2k? < 1/1000000 
we need only take k < 1/10000, and so on. To prove f con- 
tinuous we must do the same sort of thing at all points x, instead 
of just 0: the algebra is more complicated, but quite easy. 

Functions can be continuous at some points and discontinuous 
at others. The postal-charge function is discontinuous at 2, 4, 6, 
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8, 10, 12, 14, 16, 24, and 32 oz., but continuous everywhere else 
in the range 0 to 32 oz. 

However, some functions can behave in a very funny way, 
which shows that although we may have a good definition it 
might not be exactly the one we intended. The function / such that 


0 if xisirrational 


h(x) = may 
f /qif x = p/q is rational 


is continuous at all irrational points but discontinuous at all 
rational points. Even more curiously, it is not possible to find a 
function which is continuous at all rational points but discon- 
tinuous at all irrational points! 

Of course this is a very funny function. 

The definition of continuity we have given turns out to be com- 
pletely adequate for setting up all the machinery of analysis, 
despite its peculiarities. However, there may well be a better way 
of proceeding. Recently the idea of an ‘infinitesimal’ has been 
made respectable by using a rather complicated construction 
from mathematical logic. Cauchy’s definition of continuity can be 
made rigorous. However, I would not advocate teaching ‘non- 
standard analysis’, as it is called, to a student: the logic of the 
subject is exceedingly subtle. 

In fact no one has yet found a very satisfactory way of intro- 
ducing rigorous analysis, particularly at school level. 


Proving Theorems in Analysis 


A puzzle which was current not long ago concerns a man walking 
up a mountain. At exactly 9 o’clock on Monday morning he sets 
off up the mountain, arriving at 6 o’clock in the evening at a 
mountain hut, where he stays the night. At 9 o’clock the next 
morning he descends by the same route, arriving at the point from 
which he set out at 6 o’clock in the evening. Prove that at some 
time he is at the same place on both days. 

A moment’s thought might suggest an answer: on the second 
day imagine a ghost walking up the mountain, copying exactly 
what the man did on the first day. Since the ghost is going up and 
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the man down, they must meet: this will provide the time of day 
asked for by the puzzle. 

Hidden in all this is a theorem in analysis. For we have assumed 
that the man’s progress is continuous. If, by some technological 
miracle the man could jump from one part of the mountain to 
another without passing through the part in between, he might be 
able to avoid the ghost. 

We could draw a graph of the man’s progress on the two days 
(Figure 168), in which case the idea of the proof stands out: the 
two curves must cross, 


Figure 168 


For discontinuous curves, this need not happen (Figure 169). 


Figure 169 


Now in analysis we cannot argue from a picture, because the 
picture may lie. We have to work logically from the definition. 
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(Of course, we should bear the picture in mind!) The theorem we 
want should say something like this: suppose we have two con- 
tinuous functions fand g defined on the real line, such that at two 
points a and b we have 

f(a) < g(a) f(b) > g(b). 


Then at some point c between a and 5 we must have 


fC) = gC). 


(See Figure 170), 


Figure 170 


We could prove the theorem like this. Divide the interval be- 
tween aand dbinto 10 parts. For some of these /stays smaller thang 
(Figure 171). Take the first one where f becomes greater than g, 


Figure 171 
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and divide it up into 10 parts. Take the first of these, divide it up 
into 10 parts ... and so on. The end-points of the intervals will 
form a sequence 


P1, P2, P3, eee 
and an application of the completeness axiom shows that this 
sequence converges to a real number p between a and b. A little 
more work, using the definition of continuity, shows that f(p) = 
9(p). 
If in Figure 171 we had a = 0, b = 1, then we would find that 


Py = 05 
P22 = 0-58 
Ps = 0-583 


and it is clear that the procedure leads to an infinite decimal 
p= 0-583 .... 


What the completeness axiom does, in fact, is to make infinite 
decimals respectable. And of course my reason for dividing into 
10 parts at each stage was to fit in with decimal notation. It 
would have worked just as well if I had divided into 2 parts, or 19, 
or 1066. 

The use of the completeness axiom in this theorem is essential, 
because the theorem is not true over the rational numbers. The 
function ; 


f(x) = 1—2x—x? 
is a continuous function on the rationals. Further f(0) = 1, 
f(1) = —2. If the theorem were true for rationals there should be 


a rational number p between 0 and 1 such that 

1—2p—p?=0. 
But this makes p = »/2—1, which is not rational. So we can’t 
escape without using completeness somewhere, 

We could, of course, dismiss the rigorous proof as being 
superfluous: if a theorem is geometrically obvious why prove it? 
This was exactly the attitude taken in the eighteenth century. The 
result, in the nineteenth century, was chaos and confusion: for 
intuition, unsupported by logic, habitually assumes that every- 
thing is much nicer behaved than it really is. 
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Good ideas in mathematics should never be ignored just be- 
cause a rigorous foundation is lacking. But if they are allowed to 
develop too far without finding an underlying rationale they 
usually lead to trouble. t 


Chapter 17 The Theory of Probability 


‘Statistics is a branch of theology’ — 
A Cambridge research fellow 


Probability theory has its origins in questions about gambling. In 
a game of cards, or dice, when do I have the best chance of win- 
ning? What are the odds? 

Because games are usually finite, the methods needed to handle 
such questions are combinatorial, that is, based on counting 
arguments. For example, to find the chance of throwing three 
consecutive heads with a coin one lists the possibilities 

HHH HHT HTH HITT 

Tate} Foe | ATR. TIT 
which are 8 in number. Exactly 1 is favourable, so the probability 
is 1/8. 

This of course makes the assumption that throws of H or Tare 
equally likely. Now we can’t define ‘equally likely’ by saying 
‘probability 1/2’ until we have defined what we mean by ‘pro- 
bability 1/2’: and we can’t do that without defining ‘equally 
likely’. Or at least, so it seems. 

If we try to get round it by doing experiments, we run into 
another difficulty. If H and T are equally likely, then in a long 
series of throws we would expect to have approximately equal 
numbers of H and T. Not exactly equal, of course: they couldn’t 
possibly be equal in an odd number of throws anyway, and in an 
even number of throws there would probably be a small dis- 
crepancy. Toss a coin 20 times and see if you get exactly 10 heads. 
(If you do, try several more times and see how often it happens!) 

What we would hope is that ‘in the limit’ the ratio of the num- 
ber of Hs to the number of 7s should ‘tend to’ 1/2. The trouble is 
that this ‘limit’ is not a limit in the usual sense of analysis. It is 
conceivable that we might throw a sequence consisting entirely of 
Hs with a fair coin. It is, of course, unlikely. But to set up an idea 
of ‘limit’ which takes account of this possibility involves making 
precise what we mean by ‘unlikely’, which seems to require a 
definition of * probability’ again! 
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It wasn’t until the 1930s that these difficulties were circum- 
vented. This was achieved by developing an axiomatic probability 
theory. By divorcing the mathematics from its applications one 
can develop the mathematics without any logical qualms: then it 
can be tested experimentally to see if it fits the facts. Axiomatic 
probability theory succeeds for the same reason that axiomatic 
geometry succeeds. 


Combinatorial Probability 


For the moment assume that we know what ‘equally likely’ 
means. Then a rough working definition of the probability p(E) of 


an event Eis 
number of ways in which E can occur 


P(E) = : 
total number of possible occurrences 
(provided all occurrences are equally likely). 

Thus there are 36 ways of throwing 2 dice; and 5 of these give a 
total of 6 (namely 1+5,2+4,3+3,44+2,5+1). 

Therefore the probability that the total is 6 is 

number of ways of throwing 6 
36 
which is 5/36. 

Since the numbers involved are positive, and since the number 
of ways E can occur is at most equal to the total number of 
occurrences, we see that 

0< P(E) <1. 
If p(E) = 0 then Eisimpossible; if p(E) = 1 then Eis certain. 

The techniques of combinatorial probability centre around 
ways of combining events. Suppose we have two distinct events 
£ and F. What is the probability that either E or F occurs? 

Take the case of a die. E is the event ‘6 is thrown’ and F the 
event ‘5 is thrown’. E or Fis ‘5 or 6 is thrown’ which obviously 
occurs 2 times out of 6. So 

P(E or F) = 1/3. 
In general, let N(E) and N(F) be the number of ways in which E 
and F'can occur, and T the total number of occurrences. Then 
P(E or F) = N(Eor F)/T. 
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What is N(E or F)? Suppose the events E and F do not ‘overlap’. 
(Pll return to this point.) Then 
N(E or F) = N(E)+N(F) 
so that 
P(E or F) = (N(E)+-N(F))/T 
= (M(E))/T+(N())/T 
= p(E)+p(F). (1) 
If, however, E and F do overlap then N(E)+N(F) counts 
everything in the overlap twice whereas N(E or F) only counts it 
once. 
Suppose, for instance, that 
E = ‘A prime number is thrown’ 
F = ‘An odd number is thrown’. 
Then E occurs in three ways: 2, 3, 5. (Note: 1 is not prime.) And 
F occurs in three ways: 1, 3, 5. But E or F occurs in four ways: 
1,2, 3,5) S0 
P(E)= 1/2 p(F)=1/2 =p(Eor F) = 2/3. 
What happens in general is that 
N(E or F) = N(E)+N(F)—N(E and F) (2) 
because subtracting N(E and F) puts right the double count in 
the overlap. In the above example, E and F occurs in two ways: 
3, 5. So the equation gives 


4=3+3-2 
which is correct. 
Dividing (2) by T we get 
P(E or F) = p(E)+p(F)—ptE and F). (3) 
Enter Set Theory 


We can express these ideas much better in terms of sets. The 
possible outcomes when throwing a die form a set 
X = {1, 2, 3, 4, 5, 6. 
The events E and Fare represented by subsets of X 
! E = {2, 3, 5} 
F = {1, 3, 5} 
as in Figure 172, 
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X 


Figure 172 


The event ‘E or F’ is the set {1, 2, 3, 5} which is the union E U F. 
The event ‘ Zand F’ is the set {3, 5} which is the intersection E A F. 
The probability p is a function defined on the set & of all subsets 
of X with target R. In general we can say a little more about p: 
it has target [0, 1], where this denotes the set of real numbers 
between 0 and 1. 

Abstracting from this we obtain the idea of a finite probability 

space. This comprises 
(i) a finite set X, 
(ii) the set & of all subsets of ¥ 
(iii) a function p: & — [0, 1] with the property that 
P(E U F) = p(E)+p(F)—p(E 2 F) 
forall E, Fe &. 

Axiomatic probability theory works entirely in terms of prob- 
ability spaces. However, if one wishes to consider infinite prob- 
ability spaces, the definition has to be made more subtly. In many 
applications it is necessary to have infinite sets X: for example the 
height of a man can be any real number (within certain limits) so 
there are infinitely many possibilities. 


Independence 


Another basic operation in probability theory deals with two 
trials in succession: what is the probability of event E occurring 
C.M.M, ~ 12 
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on the first trial, event F on the second? For example, we throw a 
die twice: what are the chances that we throw first a 5, then a 2? 

Of the 36 possible combinations, only 1 is favourable: 5 
followed by 2. So the probability is 1/36. 

If E and F were the events considered in the previous section, 
then £ can occur first in 3 ways, F second in 3 ways. We can pair 
any occurrence of E with any of F, giving 3x3 = 9 favourable 
outcomes. So the probability of E followed by Fis 9/36 = 1/4. 

In general we must suppose that there are 7, possible outcomes 
of the first trial, of which N(E) are occurrences of E; and T, in the 
second, N(F) being occurrences of F. Then in the two trials 
together the total number of outcomes is 7; x T2, because any of 
the 7, possibilities for the first can be followed by any of the T, 
possibilities for the second. In the same way the number of ways 
in which £ can occur first, followed by F, is N(E) x N(F).So 

UE followed by: F) = NANG) 
T; T: 2 
_ NE) NE) 
T; T2 
= p(E)xp(F). (4) 
In this calculation we must assume that E and F are independent: 
that the outcome of the first trial does not alter the probabilities 
in the second one. 

This would not be the case if, say, the second event F was ‘the 
total thrown is 4’. For if the first throw is 4 or more, the chance of 
success on the second is 0; if the first throw is 1, 2, or 3 the chance 
of success on the second is 1/6. 

The notion of independence can be formulated in terms of 
probability spaces. In applications, one takes as hypothesis the 
independence of the real-world events to be considered, applies the 
theory, and tests the result by experiment. 


Paradoxical Dice 


Often our intuition about probabilities is wrong. Consider four 
dice A, B, C, D marked 
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Bais3) CoS) SF 1343 
Crh Qo 2h Did (rot 
Deeb 8 wh wR Sac: 


(The precise arrangement of faces does not matter.) 

What is the probability that in a single throw die A will have a 
higher number showing than die B? 

B always throws a 3. If A throws 4, which happens 4 times out 
of 6, he wins. If he throws 0, which happens 2 times out of 6, he 
loses. Therefore 

A beats B with probability 2/3. 

If B is thrown in competition with C it will win when C shows 

2, lose when C shows 7. So 
B beats C with probability 2/3. 

If C plays against D matters are more complicated. With 
probability 1/2, D shows 1, and then C always wins; with prob- 
ability 1/2 D shows 5 and C wins by showing 7 with probability 
1/3. The probability that C will win is therefore 

$.14+4.4 =44+4 =4. 
Thus 
C beats D with probability 2/3. 

Finally, look at D versus A. If D shows 5, with probability 1/2, 
then D always wins. If D shows 1, with probability 1/2, then D 
wins if A shows 0, which has probability 1/3. The probability that 
D will win is 

4.1+4.4 = 4. 
Thus 
D beats A with probability 2/3. 
Now a die which wins more often than not is clearly ‘better’ 
than one which loses more often than it wins. In these terms, 
A is better than B 
B is better than C 
C is better than D 
and D is better than A. 

There is nothing wrong with these calculations. If you play the 
game in practice, and let your opponent choose his die, then you 
can always choose another that gives you odds of 2:1 for a win. 
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We expect that A better than B better than C better than D 
should mean A better than D. We’re wrong. In the present con- 
text the meaning of ‘better than’ depends on the choice of dice: 
we are really playing four different games. It is as if we had four 
people playing games: Alfred beats Bertram at tennis, Bertram 
beats Charlotte at chess, Charlotte beats Dierdre at badminton - 
and Dierdre beats Alfred at shove-halfpenny. 

Those economists who believe that commodities can be ordered 
by majority preference might take note of this phenomenon. 


Binomial Bias 


Imagine a biased coin. Instead of coming down heads and tails 
with equal frequency, it has a preference for one particular side. 
Such a coin provides a model for many probabilistic processes. 
If we are throwing a die and are interested only in whether a 6 
turns up, we are effectively dealing with a biased coin such that 
p(head) = 1/6, p(tail) = 5/6. If we are looking at the sex of new- 
born babies, we have p(boy) = 0-52, p(girl) = 0-48. 
In general we let 
p = p(head) 
q = pitail) 
and of course p-++q = 1, because from (1) above 
p(head)+-p(tail) = p(head or tail) = 1. 
Using the theory of independent events we easily find the follow- 
ing list of probabilities for sequences of heads and tails: 


H p HH p? HHH p* 
2 HT pq HHT pq 
TH pq HTH pq 

5 le HTT pq? 

THH p’q 

THT pq? 

TTH pq? 

Fer. .@*. 


What is the probability that we throw a given number (0, 1, 2, 
or 3) of heads? We have to group together sequences with the 
same number of heads. Thus for 2 heads in 3 throws we get 
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HHT, HTH, THH, each with probability p?q, which gives a total 
probability of 3p?gq. Similar calculations give another table: 


number of heads 


number 1 
of 2 
throws 3 


The rows of this table should look familiar: compare the ex- 
pansions 

(q+p)' =q+p 

(q+p)? = q?+2pq+p? 

(q+p)® = q°+3pq? +3p7q+p*. 
The terms on the right are exactly the entries in the table. The 
next row ought to come from 

(q+p)* = q*+4pq? +6p7q? +-4p?q+p* 
and it is good practice to check that it does. In general, the entries 
in the nth row will be the terms of the expansion of 
(q+p)”. 
This is not a coincidence, and it is not difficult to explain it. To 

expand, say, (¢-+p)° we must work out 

(q+p)\(q+p)q+p\q+p\(q +p). 
The terms with exactly 3 gs come from products like this: 


p 


svdvvae anges 
vs QQggqgdvdsds 8 
Hoe evs vss 
“v8 evs vT vd 
QgQgvx ved 


These correspond exactly to the 10 possible sequences of 3 tails 
and 2 heads: 
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hes myysyyyy 
esse hees 
SS 4 sky SS 
NYNTSNTANs 
SSN SARA 


Obviously the same holds in general. If we write (") for the num- 
r 


ber of sequences of » Hs and Ts containing exactly r Hs and 
(n—r) Ts, then the probability of getting exactly r heads in n throws 


1S 
("err 
r 


It isn’t too hard to work out what (") is. If we choose the r posi- 
r 


tions for Hs then everything is determined; so (") is just the 
r 


number of ways of choosing r things from n. This, it can be 
shown, is given by 

AY MATIN 2) ret) 

") ue ea ord 
Thus for sequences of 2 heads and 3 tails we want 


which is correct. 
The general expansion is 


(q+p)" = q"+npqg""1+... +(")orarr+ woe +p". 


This is the Binomial Theorem, usually credited to Isaac Newton. 
It may or may not be coincidence that at one period Newton was 
Master of the Royal Mint. 
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The average number of heads obtainable in n throws can be cal- 
culated from this formula, and it turns out to be np. Thus the 
frequency with which heads occur is np/n, which is p. So we 
have come full circle to the idea of a probability as an ‘average 
frequency of occurrence’. This theorem, which in a stronger form 
is called the Law of Large Numbers, shows how our mathematical 
model connects up with observations in the real world. 


Random Walks 


In the final section of this chapter I want to discuss another type 
of problem arising in probability theory. It has applications to 
questions about electrons bouncing around inside crystals, and 
particles floating in a liquid. 

Imagine a particle starting at position x = 0 on the x-axis, at 
time ¢t = 0. In time ¢ = 1 it moves to the point x = —1 with 
probability 1/2, or to the point x = +1 with probability 1/2. If it 
is in position x at time ¢, then at time t+1 it moves either to x—1 
or x+1, each with probability 1/2. What can we say about the 
particle’s subsequent motion? 


by is 


-5 0 +5 


Figure 173 
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For example, it may move left and right according to the 

sequence 

LRRRRLLRLRLLLRLLLLLLRRLRR 
in which case its motion is as in Figure 173, with the path stretched 
a little in the ¢ direction for clarity. This is a fairly typical path: 
if you want, you can use a coin to decide between L and R and 
construct other paths for yourself. 

Instead of a line we could consider a plane: now the particle 
moves either 1 unit up, down, left, or right; each with probability 
1/4. Or a 3-dimensional walk, with 6 possible directions each 
having probability 1/6. 

Especially interesting is the question: given any other point X, 
what is the probability that eventually (we don’t mind how long 
it takes) the particle reaches X? 

One would expect this to decrease as X gets further away from 
the origin. In fact it does nothing of the kind: the probability 
remains the same for a// X. In a random walk every point is as 
good as every other point, in the long run. 

For a random walk in 1 or 2 dimensions, this probability is 1. 
It is almost certain that the particle will reach any given point X. 
(I say ‘almost’ because it may not do so: it could rush off to the 
right and never be seen again. But this has probability 0. With in- 
finite processes, it is not quite true? that probability 1 means 
‘certain’ and 0 ‘impossible’.) 

But in 3 dimensions, the probability is only 0-24. 

If you were lost in 1- or 2- dimensional space, and wandered 
about at random, then with probability 1 you would eventually 
find your way home. In 3 dimensions your chances of getting 
home are less than 1 in 4. 

However, in all cases, the average time it would take you to 
arrive home is infinite. More precisely, pick any time fo — it might 
be 5 seconds or 3000 years. Then if you keep wandering, on most 
occasions you will be away from home for a time larger than fo. 


Chapter 18 Computers and Their Uses 


‘A hydrodynamicist was reading a 
research paper translated from the 
Russian, and was puzzled by references 
to a “‘water sheep”’. It transpired that the 
paper had been translated using a 
computer : the phrase in question should 
have read “‘hydraulic ram” ’- 
Cautionary tale 


Strictly speaking, computing is not part of mathematics, but a 
discipline in its own right. The computer is not a concept of 
modern mathematics: it is a product of modern technology. Never- 
theless most modern mathematics courses in schools include a 
certain amount of computing, and quite rightly so; for the com- 
puter is a powerful tool of great practical importance in the appli- 
cations of mathematics to the modern world. 

On the whole computers play no role in theoretical mathematics. 
In order to be able to put a problem on to a computer one must 
in principle know exactly how to perform the steps necessary to 
solve it. From the theoretical viewpoint this means that the pro- 
blem is as good as solved already, especially if the main concern is 
method. But to get results (which in practical applications are of 
course the main desideratum) a method which works in principle 
is not enough: it must also work in practice. The importance of 
the computer lies in its ability to bridge the gap between principle 
and practice. 

The computer is also of interest to the mathematician because 
of the mathematical ideas which underly its construction. 

I want, in this chapter, to give some small idea of both the 
mathematical and practical considerations behind the design and 
use of computers. For the technical details the reader must con- 
sult a specialist book.! 


Binary Notation 


Basically the computer is a calculating machine. That is to say it 
is given data, in the form (usually) of numbers, told how to 
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manipulate these data, and it then prints out the results. Most 
present-day computers are electronic digital computers: they use 
electronic circuitry to store and manipulate numbers in digital 
form. However there are other possibilities: among them optical 
computers (which use beams of light) and fluidic computers 
(which use streams of liquid or gas), And in a moment I intend to 
illustrate some of the ideas behind the design of a computer in 
terms of a machine which uses ball-bearings. 

A computer cannot operate directly with numbers, since num- 
bers as such do not exist in the real world. It is necessary to repre- 
sent numbers in the machine in some physical fashion. In an 
analogue computer a number x is represented by x units of current: 
but the problem of maintaining accuracy, the inflexibility of such 
a machine, and its slowness of operation, render it fit only for a 
limited range of tasks. Something more subtle is needed. 

The simplest devices capable of representing numbers are those 
which can exist in either of two stable states. A switch may be on 
or off. A current may either be flowing or not flowing. A magnet 
may be magnetized north-south or south-north. The possibility 
of using such devices to store and manipulate numbers is opened 
up by the existence of the binary notation. 

In everyday arithmetic we represent numbers by decimal 
notation. Thus 

365 = (3 x 107)+(6 x 10)+(5 x1) 
1066 = (1 x 10°)+(0 x 107) +(6 x 10) +-(6 x 1). 
The occurrence of the various powers of 10 here is one of choice 
rather than necessity. There is no special reason why we have to 
use 10: we could use, say, 6 instead. The sequence of numbers 
would then be 


1=(1x1) 
2 =(2x1) 
3 = (3x1) 
4 = (4x1) 
5=(5x1) ~ 


10 = (1 x6)+(0x1) 
11 =(1x6)+Cx)) 
12 = (1 x6)+(2x1) 
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55 = (5 X6)+(5 x1) 
100 = (1 x 67)+(0x6)+(0x1) 


Such a system might be evolved by creatures having only 6 
fingers. 

The simplest notational system of this kind is the binary 
system, which uses powers of 2. This is the system we would have 
evolved had we counted on our 2 hands instead of our 10 fingers. 
The only digits needed are 0 and 1, and the sequence of numbers 


1= (ix1) [=1] 
10 = (1x2)+(0x1) [=2] 
ll = (1x2)+(x1) [=3] 
100 = (1x2?)+0x2)+x1) [= 4] 
101 = (1x22)+(0x2)4+1x1) [=5] 
110 = (1x2?)+(1x2)+(0x1) [= 6] 
111 = (1x22)+(1x2)+(1x1) [= 7] 


1000 = (1 x29)+(0x 2?)+(0x2)+(0x1) [=8] 
1001 = (1 x2%)+(0x2?)+x2)+(1x1) [=9] 


(where the figures in square brackets give the number in ordinary 
decimal notation). 

The ordinary methods of adding, subtracting, multiplying, and 
dividing apply in this notation; except that anything larger 
than | is ‘carried’. The necessary information for addition is given 
by 


0+0 =0 

1+0 =1 (+) 
0+1=1 

1+1 = Ocarry 1. 

The multiplication table is even easier: 

0x0 =0 

0x1=0 (x) 
1x0 =0 

1x1 =1. 


Children brought up with this notation would have little trouble 
learning their tables! 
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All of arithmetic can be carried out on the basis of the tables 
(+) and (x). For example, to multiply 11011 by 1010 by 
standard long multiplication we write 


11 O11 
1 010 


11 011 000 
110 110 


100 001 110 


1111 
(where the small ,s are carry digits). 

As a check you should note that in decimal notation 11 011 = 
16+8+2+1=27, 1010=8+2=10, and 100001 110 = 
256+8+4+2 = 270. 

The point is that binary and decimal arithmetic differ only in 
choice of notation: they are both about the same kinds of number. 


A Ball-Bearing Computer 


I want to illustrate how the tables (+) and ( x) can be realized by 
a machine. In order to take our minds off the wizardry of elec- 
tronics I shall show how to use ball-bearings to make an adding 
machine. The general principles are the same for an electronic 
computer, except that it uses pulses of electricity instead of ball- 
bearings. 

First we must design a component which behaves according to 
the table (+). It should have two stable states (which for con- 
venience we denote by 0 and 1) and should react to an ‘input’, 
also taking values 0, 1, as follows: 


input | initial state | final state | output 


—- © © 
- O&O - © 
om © 
- OOO 
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(The initial state of course represents one of the digits being 
added; the input is the other digit; the final state is the sum digit; 
the output the carry digit.) 

If we use 1 ball-bearing to represent an input of 1, and 0 ball- 
bearings to represent an input of 0. we can make an ‘adder’ as in 
Figure 174 using a T-shaped component pivoted at the junction 
of upright and crossbar. Gravity will provide the motive force. 


STATE 0 


out 
put 


Figure 174 


It will be seen that 


(i) If the device is in state 0 and input 0 (i.e. no ball- 
bearing) is applied, it stays in state 0. 

(ii) Similarly if it is in state 1 and 0 is input it stays in 
state 1. 
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(iii) If it is in state 0 and 1 is input by rolling a ball-bearing 
through, then the T tips up to state 1. The ball-bearing 
emerges through the ‘ waste’ channel: the output is 0. 

(iv) If it is in state 1 and 1 is input the T tips back to the 
0 state. But the ball-bearing emerges through the output 
channel, giving output 1. 


Thus our device does exactly what is required. 

Now we can build a full-scale adding machine by combining 
together several of these ‘adding units’. Let me represent the 
device by the symbol of Figure 175. 


out 


Figure 175 


The ‘circuit’ of Figure 176 then acts as an adding machine. 


Figure 176 


To perform (say) the addition of 11 011 000 and 110 110 (which 
we did in the multiplication above) we set up the first number in 
the machine and input the second by means of ball-bearings, as 
shown schematically in Figure 177. 

If we imagine the ball-bearings added one by one, from right to 
left, we can follow the steps of the calculation. There is no ball- 
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Figure 177 


bearing in the first slot. The one in the second slot changes 0 to 1 
and is output as waste, leaving the machine in states 

07 0:0110 £36 
The same happens with the third slot: 

@42:6'9 ticks 


The fourth slot has no input. The fifth has one ball-bearing, which | 
passes through, changes the 1 to a 0, and is output as a carry into 
column 6: 

011001110, 

1< 

Then it passes through again, changing 0 to 1 and emerging as 
waste: 

OTR Ort t's. 


Finally the ball-bearing in column 6 drops through, making a 
series of changes as follows: 


011001110 


1< 


010001110 


1<_ 


000001110 


1< 


PO OO rire, 


This is the correct answer. 
The reader should check that the sequence of operations above 
corresponds exactly to what happens in the addition sum, and 
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also try a few other examples. An interesting practical problem is 
to find the correct spatial arrangement of the components to make 
the machine work using only gravity as a motive force. This can 
be done. 

Of course in an electronic computer one uses pulses of elec- 
tricity instead of ball-bearings and electronic components in- 
stead of T-shaped barriers. But the underlying idea is similar. 

Multiplication can be carried out too (as a series of additions, 
for example). By the use of a small number of basic circuits, re- 
peated many times, it is possible to build a versatile and accurate 
calculating machine. Since electronic circuitry reacts very quickly, 
it will also be a fast machine. 


The Structure of Computers 


The ideas we have just touched upon allow the construction of an 
arithmetic unit. However, there is more to a computer than this, 
for an arithmetic unit alone has no flexibility. The basic structure 
of a computer is shown below. 


“a 


ARITHMETIC 
UNIT 


OUTPUT 


The memory of the computer has two functions. First, it stores 
the numbers which are input, which crop up in the calculation, 
or are about to be output. Secondly, it stores the program (the 
American spelling is standard in this field) which tells the 
machine what steps to make in the calculations. The computer, so 
to speak, looks up an instruction in the program, performs it, 
remembers the answer; then it looks up the next instruction, and 
so on, 

In the first instance these instructions are in machine language ~ 
a special ‘code’ which the machine ‘understands’. These are of a 
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very specialized and precise nature. ‘Remove the contents of 
position 17 in the memory and put them in the arithmetic unit.’ 
‘Add the two digits in the arithmetic unit.’ And suchlike. Even to 
multiply two numbers together in machine language requires 
many instructions. 

For this reason other programming languages have been de- 
vised which are closer to ordinary language: an instruction such 

C=A+B 
would tell the machine to add the numbers stored under the 
names of A and B and store the result under the name of C. The 
machine has to be provided with a compiler program, written in 
machine language, which turns each such higher-language in- 
struction into a series of machine-language instructions. 

There are many kinds of higher language, rejoicing under 
names such as Algol, Fortran, Cobol (a commercial language). 
Machines are delivered from the manufacturers together with the 
necessary compiler programs. 

The use of a program is what gives the computer its great flexi- 
bility. It will carry out any sequence of instructions which the 
programmer gives it. In consequence a great many different tasks 
can be carried out by the same machine, The programmer has to 
learn one or more of the standard languages, which is not too 
hard. Much harder is the art of programming: how to use the 
languages efficiently and effectively. 


Writing a Program 


Assuming you have learnt a suitable language, and have a 
problem you wish to solve using a computer, how do you go 
about writing a program? 

The first step is to break the problem down into small pieces, 
each of which the computer can perform, and then to write a 
program organizing the pieces. 

For example, you wish to solve quadratic equations. You know 
that the answer to 

ax*+bx+c =0 
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is given by 
ish —b++/(b? —4ac) 


x 
2a 


ap Print 
NO 
Work out 
b*-4ac Work out Print 
-clb this value 
Is b*-4acz0? 
Ry Work out Print 
Is 4ac=07 ns We] RS 
Work out 
v(b*-4ac) 


(positive root) 
and call itk 


Print 
this value 


Figure 178 
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It is no good just putting this instruction into the computer. It 
might happen that (b?—4ac) is negative: the computer will not 
realize this and will try to find the square root, with nonsense as a 
result. Or a might be 0, in which case the division will not make 
sense. 

Assume that the computer can do arithmetic, including taking 
square roots, and can recognize whether a number is positive or 
negative. You might break the calculation down as in Figure 178. 
Such a diagram is called a flow-chart. 

You will see that this chart takes account of several possibili- 
ties: if a = 0 we may have a linear equation; there may be no 
real roots, or 1 real root, or 2 real roots. 

The next step is to convert the process on the chart into a 
program. There is a difficulty here, in that the program is a se- 
quence of instructions in order, whereas the chart has bifurcations 
and alternatives. To overcome this, different parts of the pro- 
gram are given reference letters (A, B, C, D, E in the following 
example) and the machine is instructed to jump from one part to 
another depending on whether the answer to certain questions is 
Yes or No. 

Here is a possible program for the above calculation, written in 
a hypothetical language based on Algol. It is largely self- 
explanatory, if considered in conjunction with the flow-chart. 


PROGRAM TO SOLVE QUADRATIC EQUATIONS 


A: begin real a, b, c, k, u, v, w, X,Y 
read a, b,c 
ifa = Othen gotoB 
y = b*?—4ac 
if y > Othen gotoC 
print NOREAL SOLUTION 
end 


B: ifb = Othen gotoE 
x = —c/b 
print x 
end 
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C: if y = Othen gotoD 
k=~vy 
u = (—b+k)/2a 
v = (—b—k)/2a 
print u 
print OR 
print v 
end 


D: = —b/2a 
print w 
end 


E: print NOSOLUTION 
end 


The instruction ‘real a, b,c, k, u,v, w, x,y’ is known as a 
declaration, and tells the computer what symbols are being used 
to represent numbers and what kind of number (real). ‘Read’ 
instructs it to read in the values of a, b, c from some prepared 
data tape. An instruction of the form ‘if P then go to X’ is obeyed 
as follows: if P is true the machine jumps to the part of the pro- 
gram labelled X. Otherwise it goes on to the next line. The other 
instructions are self-explanatory: the computer obeys them line 
by line in order except when instructed to jump. 

This is a fairly typical simple program which I hope may help 
to explain how a program is written. You should work through it 
with a few specific examples of values of a, b, c to see how it does 
the job. 

For further details of programming in proper languages, you 
should consult a suitable manual.? 


The Uses of Computers 


Computers can be used, quite simply, whenever one has a lot of 
calculation to do of a kind which can be specified precisely. 
Whether or not they should be used is often a question of eco- 
nomics: they are expensive; is the result worth the expense? 
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Computers are used in business and government, mostly to 
keep accounts and to file information. Of these uses I shall say no 
more except to note in passing that the much-pleaded excuse 
‘computer error’ is in reality ‘programmer error’. 

The research worker can make good use of computers to pro- 
cess his experimental data, plot graphs, calculate tables of 
results, apply statistical techniques. He can solve otherwise 
intractable equations by numerical methods. There is a danger 
that one can become so impressed by the sheer bulk of infor- 
mation obtained by computing that one fails to realize that much 
of it may be valueless: no amount of computing can produce 
useful results from a badly designed questionnaire or experiment. 
But the power which the computer lends is enormous. Its use has 
given us insights into the structure of proteins, the genetic code, 
the fundamental particles of physics, the structure of stars. It has 
helped to put a man on the moon, 

Even in pure mathematics the computer has scored some 
notable triumphs, especially in the study of finite groups. How- 
ever, very few problems are suitable for computation; and even 
some of those that are would take too long to perform, even for 
today’s very fast machines (or tomorrow’s, for that matter). 

The uses of computers are not confined to numerical problems. 
Computers have been programmed to play draughts (well) and 
chess (badly), to translate from one language to another (exec- 
rably), to compose music (of sorts) and poetry. Some of the recent 
advances in producing ‘intelligent’ machines are quite remark- 
able. 

This brings me naturally to the oft-asked question ‘Can 
computers think?’ As Joad would have said, it all depends what 
you mean by ‘think’. As yet, the computer can perform some of 
the functions of the human brain faster and more accurately; 
others it cannot perform at all. But if we ask, ‘Is there something 

‘ special about the way in which human beings think which in 
principle can never be performed by some kind of machine?’ then 
my personal opinion is that the answer is ‘ No’. Certainly we can- 
not duplicate the functions of the brain at the present time; and it 
is fairly certain that the resemblance between the brain and exist- 
ing computers is about as close as that between a cow and a milk- 
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lorry. Our technology may well never get anywhere near making a 
truly ‘intelligent’ machine: the human brain may well be too 
stupid. But I don’t think there is any obstacle to the production 
of a machine which performs the functions of the human brain; 
not any logical obstacle such as prevents »/2 from being rational 
or a man from lifting himself by his bootstraps; for the following 
reason: the human body is visibly a machine, in the sense that it 
composed out of matter and the components obey the same laws 
as other matter. It is a very complicated and wonderful machine 
which we don’t understand. If there were in principle an obstacle 
to the construction of machines which behaved like people, then 
there would be no people. 

This is not to reduce humanity to the level of a can-opener. 
Many people insist that the complexities of human behaviour, 
the emotional, creative, and spiritual attributes, must be con- 
sequences of something ‘greater’ than physical laws. This is a 
wonderful concept. How much more wonderful it would be, 
however, if these very attributes were consequences of physical 
laws. Far from demeaning humanity, this would elevate physics! 


Chapter 19 | Applications of Modern 
Mathematics 


Although I have talked in terms of divisions of mathematics into 
various branches — algebra, topology, analysis, logic, geometry, 
number theory, probability — it must be realized that no exact 
boundaries can be drawn, and that the divisions themselves are 
somewhat arbitrary. When Descartes first discovered connections 
between geometry and algebra it was a surprise. When Galois 
applied the theory of groups to polynomial equations it was a sur- 
prise. When Hadamard and de la Vallée Poussin proved an im- 
portant conjecture about prime numbers using analysis it was a 
surprise. Today mathematicians are no longer surprised by such 
occurrences. In fact they tend to go out looking for them. It is 
quite commonplace to start with a problem in analysis, turn it into 
topology, reduce it to algebra, and solve it by number theory. 

It is this unity which makes it feasible to talk about the ‘central 
body of mathematics’ as I did in Chapter 1. The subject is so 
interconnected that a genuine advance in any part of this central 
body is of importance for the whole of mathematics. Mathematics 
is a harmonious whole: except that the harmony is incomplete, 
because there are always gaps in our knowledge and vaguely 
understood hints of new interrelations. 

In this sense, an application of any mathematics from this 
central body is an application of the whole. If you insist that 
mathematics justify its existence by providing applications, then 
an application of one part will justify the whole. We do not cut off 
a violinist’s feet just because he doesn’t use them in playing the 
violin: in the same way we ought not to dismiss group theory just 
because it won’t pay the rent. 

Traditionally there are two kinds of mathematics: pure, and 
applied. The pure mathematician has his head in the abstract 
clouds and studies the subject for its own sake: he is not interested 
in applications, and if anything tends to denigrate them. The 
applied mathematician has his feet on the concrete and provides 
a useful service to society. 
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Like most traditions, there is a grain of truth in this one. 
Mathematics is such a large subject that workers are forced to 
specialize in some small part. If this part has no direct applications 
to the real world they are placed in the ‘pure’ category: if it does 
have applications they are placed in the ‘applied’ category. But a 
great deal of supposedly pure mathematics has important appli- 
cations, and a great deal of supposedly applied mathematics has 
no useful applications at all. I am reminded of a man who de- 
veloped a mathematical theory of the paintbrush. To set up 
equations he could solve he had to assume that the bristles of the 
brush were semi-infinite planes. So his theory gave no insight 
whatever into paintbrushes; and precious little into mathematics 
because he deliberately set up equations that could be solved by 
known methods. 

I would prefer to say that there is (i) mathematics, (ii) appli- 
cations of mathematics. The job of the mathematician is to pro- 
vide powerful tools for solving mathematical problems: these 
may be suggested by possible applications, they may be part of a 
more abstract investigation into stumbling-blocks in mathe- 
matical technique, or important unsolved problems. As I said in 
Chapter 1, there is a large time-lag in applications of mathe- 
matics: the pure mathematics of one century may be the theoretical 
physics of the next. Of course applications are important; but it 
is no good taking too short-term a view of them. 

I want to give three instances of important applications of 
modern mathematics. The first shows how linear algebra can be 
used to solve certain kinds of problems in economics, and is about 
as close as group theory gets to paying the rent. The second is a 
recent application of group theory to the study of fundamental 
particles in physics. The third is a brand new theory of discon- 
tinuous processes, which is based on brand new mathematics. 
This might eventually have important applications to biology and 
medicine; it has already been successfully used to study the pro- 
pagation of nerve-impulses. 

This last theory is so new that much of it is pure speculation 
and most of it has yet to be worked out. If I am to beat the time- 
lag effect I have to indulge in a little crystal-gazing. But if one 
recalls that the calculus is largely a study of continuous processes, 


Applications of Modern Mathematics 271 


- and notes that the calculus has for two centuries been the basic 
tool of theoretical science; if one realizes that there is a tremen- 
dous need for insight into discontinuous processes in physics, 
chemistry, engineering, meteorology, biology, economics, socio- 
logy, politics, geophysics, aerodynamics, ..., then it should be 
at least plausible that a theory of discontinuous processes has 
considerable potential. 


How to Maximize Profits 


A certain factory manufactures two distinct products, ‘gadgets’ 
and ‘doofers’. In each case the product is first turned on a lathe, 
and then has holes drilled in it. The times required for these 
operations, the total time available per week, and the profit per 
gadget or doofer are as tabulated: 


machine gadget doofer | available time 
lathe 3 5 15 

drill 5 S 10 

profit per unit 5 3 


How can the manufacturer make the most profit? 
Let us suppose that he makes x gadgets and y doofers every 
week. Then time considerations yield conditions 


3x+5y < 15 (1) 
5x+2y < 10 (2) 
while of course : 
x>0 (3) 
y>0. (4) 
His profit will be 
5x+3y. (5) 


The problem is thus to maximize (5) subject to the system of in- 
equalities (1)}-(4). 

We have no techniques for solving inequalities, so we draw a 
graph. The points (x, y) which satisfy conditions (1)-(4) are those 
lying in the shaded region of Figure 179. The last two conditions 


C.M.M, - 13 
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just tell us that x and y are positive; (1) says that (x, y) lies below 
the line 3x-+5y = 15; (2) that (x, y) lies to the left of the line 
5x+2y = 10. 


Figure 179 


For a given profit p the line 5x+3y = p is as shown. As we 
change p the line moves, but its slope stays the same. The further 
the line moves to the right, the larger p becomes. 

Our problem is to find the biggest value of p for which this line 
passes through the shaded region, because the shaded region 
represents the possible (x, y). This obviously occurs when the line 
passes through the point A at one corner of the shaded region. 

To find A we solve 

5x+2y = 10 
3x+S5y = 15 
which give 
x=20/19 y= 45/19. 
The profit per week is then 5x+-3y, which is 
100+135 235 
19 19° 
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The factory should produce 45 doofers and 20 gadgets every 19 
weeks in order to make the maximum profit. 

Similar considerations apply to any business, or national 
economy. However the number of products and machines will be 
very large. The general problem will be to maximize a certain 
linear combination of the unknowns, subject to a system of linear 
inequalities. These inequalities determine a certain region in a 
multidimensional space. It can be shown that 


(i) this region is convex; 
(ii) the maximum profit occurs, if it exists, at one of the 
corners of the region. 


The proof involves essential use of linear algebra. So does the 
technique needed to find the corner at which the maximum occurs: 
and with a lot of unknowns a computer is required. 

To study a national economy in complete detail would involve 
sO many equations that even the fastest computer available could 
not hope to handle them. Some simplifying assumptions must 
then be made; with a consequent doubt as to the validity of the 
results. 

This technique, which is known as linear programming, is a 
standard one of economics, and may be found in most textbooks 
on mathematical economics.* 


The Eightfold Way 


At one time atomic theory was fairly simple. All atoms were 
thought to be made up of three different kinds of fundamental 
particle: protons, neutrons, and electrons. More penetrating 
investigations revealed the existence of hosts of other fundamental 
particles: neutrinos, pions, muons, and the like. But there was no 
theory available to organize the various particles into a coherent 
structure. 

In 1964 it was discovered that group theory could be used to 
provide such an organization. The following description of the 
idea is of necessity highly compressed, so do not expect to be able 
to follow more than a general outline. 
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The basic technique involves representations of groups. Given 
a group G we find its representations as follows: we look for a 
vector space V having some linear transformations which form a 
group G’ isomorphic to G. This G’ (or more strictly the isomor- 
phism) is said to be a representation of G. 

Consider the example where G is the group with two elements 
{I, r} such that r? = J. If we take V = R? we can consider a re- 
flection T in some fixed line through the origin. If we let J be the 
identity map, then {/, 7} forms a group of linear transformations 
of V. Furthermore T? = J, so that G’ = {J, T}is isomorphic to G. 

The dimension of the space V is, by abuse of language, referred 
to as the dimension of the representation. 

In quantum mechanics a given object may exist in various 
different energy states. In a hydrogen atom, consisting of a proton 
and an electron, the electron may take energies belonging to a 
certain infinite, but precisely determined, set of values. The elec- 
tron can change state by absorbing or emitting photons to keep 
the total energy constant. 

There is a mathematical consequence of the laws of quantum 
mechanics: the possible states of a physical object correspond 
precisely to the representations of the symmetry group of the object. 

For example, a single atom floating in empty space at a fixed 
point P has complete rotational symmetry: its symmetry group is 
the group O3 of all rigid motions of 3-space that leave P fixed. 
This group already is a group of linear transformations of 3-space, 
because rigid motions are linear transformations, so it has a 3- 
dimensional representation (which the physicists call the triplet 
representation). 

If now we turn on a magnetic field the symmetry is destroyed: 
the direction of the field defines a line in 3-space, and the sym- 
metry group is now the group O, of rotations keeping this line 
fixed. It turns out that the triplet representation of O3 splits up 
into 3 different 1-dimensional representations of O2. In asspectro- 
scope the single spectral line which occurs in the absence of a 
magnetic field splits into 3 closely spaced lines when the field is 
turned on. The energies can be calculated, and agree with experi- 
ment. 

This use of group theory is quite common in quantum mech- 
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anics. It was used in 1938 to predict the existence, and various 
properties, of pions. Pions were detected experimentally in 1947 
and the predicted properties held good. 

Among the known fundamental particles there are some which 
are much more massive than the rest, known collectively as 
baryons. They include the neutron n°, the proton n+, and more 
esoteric particles denoted by A (lambda), & (xi), = (sigma), and 
A (delta). Each particle has a certain mass, and an electric charge 
which always comes in integer multiples of the basic unit of 
charge, which is +1 for the proton and 0 for the neutron. (It is 
—1 for the electron but this is not a baryon.) 

There are other physical quantities associated with fundamental 
particles, less intuitive than mass or charge. Among them are 
spin, isotopic spin, hypercharge, and strangeness. 

The commonest baryons are eight in number, and comprise a 
= doublet, a = triplet, a A singlet and an n doublet. Their mass, 
charge, isotopic spin (J) and hypercharge (Y) are as shown in 
Figure 180. 
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Figure 180 
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These can be organized in terms of the representations of a 
certain group called SU3. The most natural representation of SU; 
has dimension 8. If in fact the SU; symmetry in nature is imper- 
fect then the symmetry group reduces to a subgroup U2. The 
original 8-dimensional representation splits into 4 parts, having 
dimensions 3, 2, 2, 1. These correspond exactly to the % triplet, 
the & and n doublets, and the A singlet. 

Further, the observed values of Y, J, mass, and charge agree 
with those predicted by the SU, theory. It is as if all the baryons 
are really different states of one fundamental particle, which has 
been perturbed into the eight different kinds by asymmetries in 
nature. 

The theory is known as the ‘eightfold way’. 

A crucial test was made. The next representation of SU; has 
dimension 10. When restricted to U2 it breaks up into 4 parts of 
dimensions 4, 3, 2, 1. Nine known particles fitted: a A quadruplet, 
a = triplet, and a & doublet (Figure 181). (The masses of the &s 
and &s differ from those in Figure 180 because we are looking at 
different states.) 
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The question mark indicates a missing particle. The theory 
makes several predictions about this particle: it must have 
charge —1, hypercharge —2, isotopic spin 0, and mass about 
1700 MeV. As it happened, these were a highly unexpected 
combination. 

In February 1964, in a specially designed experiment, the 
particle was found. It was dubbed the omega-minus (Q7). 

A theory based on abstract groups had correctly predicted the 
existence of a hitherto unknown fundamental particle.? . 


’ Catastrophe Theory 


It is not always true that continuous changes produce continuous 
effects. To switch on a light you move the switch in a smooth 
continuous path from the ‘off’ to the ‘on’ position; but there is a 
point in between at which the light suddenly switches from ‘off’ 
to ‘on’. A continuous movement near the edge of a cliff can pro- 
duce a discontinuous result if we fall off the edge. 

Most of mathematics, and virtually all of physics, has until 
recently concentrated on continuous changes. However René 
Thom, one of the world’s outstanding mathematicians, has dis- 
covered a profound theory of discontinuous changes, which he 
calls catastrophes.* 

The potential applications of such a theory are widespread and 
important. Perhaps the most important is in the field of biology. 
As an embryo develops it passes through many discontinuous 
changes, as cells divide, limbs begin to form, nerves and bones and 
muscles develop. An insight into these processes could lead to 
enormous strides in biological understanding. Perhaps one day 
we might be able to use this understanding in medicine, parti- 
cularly as regards deformities in children. 

Such applications, if they are possible, are many decades or 
centuries away. But Thom’s theory is the only one which gives any 
kind of insight into discontinuous processes. As such, it is worth 
developing. 

The subsequent discussion will be much facilitated if the reader 
constructs, or at the very least imagines, a Zeeman Catastrophe 
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Machine,* as shown in Figure 182. It consists of a pivoted disc, to 
the edge of which are attached two equal lengths of elastic. One 
is fixed at a point F, the other is free to move. 


Figure 182 


(Use a cardboard disc, and pin it to a wooden board with.a 
drawing pin. With a 5-cm diameter disc the point F should be 
about 12 cm below the centre of the disc; the elastic should be 
about 8 cm long and not too strong. A washer helps. Preferably 
the elastic should be attached to the edge of the disc by some 
device which can rotate freely.) 

Experiment will reveal the existence of a diamond-shaped 
region, roughly like PORS, with the following property: outside 
the region, the disc can come to rest in only one position. Inside 
the region, there are two possible rest positions. 
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Furthermore, the disc can be made to jump suddenly from one 
rest position to a completely different one by a continuous varia- 
tion of the free end of elastic. For a movement as in Figure 183 
the disc jumps when the path moves out of (but zot when it moves 
into) the diamond-shaped region PORS. 


R 


Figure 183 


To see why this happens we analyse the energy in the elastic. 
One can imagine the disc artificially forced to some non-equili- 
brium position. When we let go, it twangs back to some position 
of equilibrium. It does this in order to minimize the energy stored 
in the elastic (more strictly to make the energy stationary, in a 
sense which will be explained below). 

Outside the region PORS the energy curve looks like Figure 
184, where @ denotes the angle at which the disc is positioned. 
There is a single minimum, and thus a single equilibrium position. 

Inside PORS the energy curve looks like Figure 185. This time 
there are two minima, corresponding to different angles 0: this 
gives two equilibrium positions. : 

In between the minima is a maximum: this does in fact cor- 
respond to an equilibrium position, but an unstable one. The 
slight perturbation will cause the energy to ‘roll down the slope’ 
to a minimum. It is theoretically possible to balance a pin on its 
point: but such a position is one of unstable equilibrium. 
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Figure 184 Figure 185 


When we follow the path shown in Figure 183 the energy 
curve follows the sequence of changes of Figure 186. 


0 Nae 
Mid We 


Figure 186 


The disc starts off at one minimum, and because of continuity 
conditions it stays in that minimum, all the while the minimum 
remains in existence. When the minimum disappears, it cannot 
remain in it: so it moves to the only one left. The disc is trying to 
behave continuously, but it is forced to jump by circumstances 
beyond its control. 
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This behaviour can be seen more vividly if we draw a 3-dimen- 
sional graph showing, for each position of the free end, the pos- 
sible equilibria. The result, it can be proved, is Figure 187. 


Figure 187 


In this figure, the point P is shown, together with part of the 
diamond-shaped region. The region itself has been turned round 
for clarity. Over points inside the cusp-shaped line K there are 
three possible equilibria: one on the top layer of the fold, one in 
the middle, one below. The middle one is the unstable one. Over 
a point outside K, there is just one layer of surface. 

As we follow a path across K the disc tries to stay in the equili- 

rium position corresponding to the top surface. However, when 

we pass out of K, it ‘falls off the edge’ and the disc jumps. 

Quantitatively we proceed as follows. We take a certain system 
(a, b) of coordinates, with P at the origin. We also choose a 
variable x, related to the equilibrium angle of the disc. For small 
values of a, b, x the energy in the elastic, V, is 

V = 4x++40x?+bx. 

To find the equilibria we want the stationary values of the energy. 
These are the points where the graph of the energy is horizontal: 


282 Concepts of Modern Mathematics 


maxima, minima, and ‘points of inflection’. These possibilities 
are illustrated in Figure 188. 


maximum 


Figure 188 


By using calculus it can be shown that the stationary values occur 
dV : 

when — = 0, i.e. 
dx 


x*+ax+b = 0. 
If we plot the ‘graph’ of this equation by choosing particular 
values of a, b and calculating x we get Figure 187. 

René Thom studied a general situation of which the above is a 
special case. He considered any dynamical system whose be- 
haviour can be measured by variables 

ag At a Be ae 
and which is controlled by another set of variables 
Weed. ees 
The variables x, y, z, ,. . are the coordinates of a behaviour space, 
and a,b, c,... are the coordinates of a control space. The be- 
haviour of the system is governed by the potential, or energy, in the 
system: we take a completely general potential 
Van PR, F, 8p 0o Se; bess. 5 
subject only to conditions which allow us to apply the operations 
of the calculus to V. 

For fixed choices of a, b, c, . . . the system takes up equilibrium 
positions corresponding to stationary values of V. 

In the Zeeman machine, we have one dimension of behaviour 
x, and two dimensions of control a, b: the potential Vis as given. 
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Obviously we can obtain such a system for any choice of V, so 
there are infinitely many different systems of this kind. However, 
alot of these become the same if we make ‘changes of coordinates’. 
If in the Zeeman machine we change x to 2X then V becomes 

4X*+4+2aX+b 
which is different from the old V. But if we knew all about the 
new system we would know all about the old one: the change is 
not a significant one. The easiest way to weed out insignificant 
variations is to look at the topological properties only. 

All events in the physical world are controlled by 4 variables: 
3 of space and 1 of time. So if we have physical applications in 
mind there is no loss if we restrict ourselves to 4 dimensions of 
control. 

Thom then proved a wonderful theorem. With 4 dimensions of 
control there are precisely 7 topologically distinct kinds of dis- 
continuity which can occur in such a dynamical system. Every 
physical discontinuity is one of 7 basic types. 

Thom listed these 7 types, which he called the elementary 
catastrophes. They go like this: 


name potential V 

fold 4x3+ax 

cusp 4x*++4ax? +bx 

swallowtail $x° +4ax?+4bx? +e 

butterfly $x®+4ax*+4bx3 +40x?+d 
hyperbolic umbilic | x*+y?+ax+by+exy 

elliptic umbilic x? —3xy? +ax+by+e(x?+y?) 


parabolic umbilic | x?y+y*+ax+by+cx? +dy. 


You can see from the list that there is no obvious pattern, no 
obvious reason why these seven alone should occur. In fact the 
proof of Thom’s theorem makes essential use of some very deep 
results from multidimensional topology, analysis, and abstract 
algebra — as I said, mathematics is a harmonious whole — and even 
then the proof is very difficult. 

The geometrical shapes of the elementary catastrophes are very 
beautiful. Figure 189 shows a computer-drawn cross-section of 
part of a parabolic umbilic.* 
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Figure 189 


You will observe that Zeeman’s-machine corresponds to the 
cusp catastrophe on Thom’s list. The same catastrophe illustrates 
how the theory applies to problems in biology. 

A living cell is a 3-dimensional blob of matter. For clarity, I’ll 
oversimplify and assume it is a 2-dimensional blob, which makes 
the pictures easier to draw. Correspondingly we will assume the 
cell lives in a control space of 2 dimensions. 

We shall measure the behaviour of the cell by looking at the 
concentration of some fixed chemical. (It might be sodium 
chloride, it might be DNA: the principle is the same.) Since cells 
may undergo discontinuous changes — and it is exactly these that 
interest us — some catastrophe must be involved in the way the 
chemical concentration depends on the controls. A possible mode 
would be the cusp catastrophe. 

As time passes, the chemical concentrations will gradually 
‘drift’; and we can represent this by moving the cell slowly through 
the control space. Figure 190 shows four stages in the develop- 
ment of the cell. 

The position of the cell is shown in the lower half of the picture; 
the folded surface represents its chemical state. In the final 
picture there is a sharp line of discontinuity across the cell. The 
points to the left of this discontinuity are those which passed to 
the left of the fold point, and so have a high concentration of the 
chemical: the points to the right have a low concentration. 

The cell has, in fact, divided into two different cells, because 
that is the only way that a sharp discontinuity in chemical con- 
centrations can happen. 

As I said, this is a crude and simplified model. Cell-division is 
not quite this simple. But it is a discontinuous process of the kind 
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Figure 190 


considered by Thom, so each stage in it must be governed by one 
of the seven catastrophes. 

This opens up a new kind of answer to the question, ‘Why do 
cells divide?’. ‘Because topological properties of their chemical 
state make it impossible for them not to divide.’ 

We glimpse a picture of the developing embryo: drifting 
gradually through some incredibly folded surface of chemical 
changes, dividing and subdividing; starting to form a limb here, 
a nerve, muscle, or bone cell there. And every step in the process 
occurs in just one of seven different ways. 


Chapter 20 Foundations 


An astronomer, a physicist, and a mathematician (it is said) were 
holidaying in Scotland. Glancing from the train window, they 
observed a black sheep in the middle of a field. ‘ How interesting,’ 
observed the astronomer, ‘all Scottish sheep are black!’ To 
which the physicist responded, ‘No, no! Some Scottish sheep are 
black!’ The mathematician gazed heavenward in supplication, and 
then intoned, ‘In Scotland there exists at least one field, containing 
at least one sheep, at least one side of which is black.’ 

Mathematicians (when on their best behaviour) tend to caution. 
A theorem ought to be true. The mathematician recalls the many 
occasions on which the ‘ obvious’ has turned out to be wrong, and 
shudders. In a subject where regular 17-gons can be constructed 
but 19-gons cannot; where the sphere can be turned inside out;* 
where there are the same number of rational numbers as integers, 
who can blame him? And he decides that he must suspend judge- 
ment until the theorem is proved. 

Not all mathematicians display such caution, I must add, least 
of all some of the world’s greatest (alive or dead).? But even those 
who do not are usually aware that they are on dangerous ground. 
And it must be remarked that there is a great difference between 
suspending judgement on a theorem, and ignoring it, Anyone 
studying mathematics must be prepared to say ‘I don’t quite 
follow that bit, but for the moment I’ll pretend I do, and see 
where it leads.’ Often the difficulty is easier to understand in 
retrospect. A person who insists on understanding every tiny step 
before going on to the next is liable to concentrate so much on 
looking at his feet that he fails to realize he is walking in the 
wrong direction. It is always permissible to ignore difficulties the 
first time round; this way you can check up on the basic plan of 
attack. Then, if that seems all right, you can tidy up the details. 

The time has now come to tidy up some details of our previous 
work. A sheep that is black on one side and white on the other is a 
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considerable rarity; and on the whole it matters little whether or 
not a given sheep is exactly as it first appears. But mathematics 
has a distressing tendency to pile deductions on top of each other 
like a somewhat wobbly house of cards. Remove one card, and 
the whole structure topples. Early in the American space- 
programme, a rocket costing several millions of dollars had to be 
blown up just after take off. A semicolon had been omitted from 
the computer-tape controlling its guidance system. The more 
complex the structure, the more disastrous a flaw can be. 

At the turn of the century mathematicians began to have doubts 
about the foundations of their subject. It is fashionable to talk 
about ‘pyramidal’ organizations. Mathematics resembles a 
pyramid stuck point downwards. Almost all of its results rest 
ultimately on a small number of assumptions. It is only common 
prudence to take a close look at those assumptions, and to make 
them as solid a base as possible. 


A Half-Black Sheep in the Family 


Frege realized that an adequate treatment of the concept ‘num- 
ber’ was totally lacking. We mentioned his attempts to put 
numbers on a firm footing in Chapter 9. The keystone was the 
way we split up sets into classes, such that all the members of a 
given class were equinumerous. According to pragmatical attitude 
B, ‘These classes behave like numbers, so I might as well say that 
they are numbers.’ 

In fact we did not adopt this attitude, preferring to take the 
existence of numbers as an axiom. This is fortunate, because 
taking the set of all sets with a certain property is less innocuous 
than it seems. Bertrand Russell pointed this out to Frege just as 
Frege had completed his masterpiece. 

Imagine a librarian in a large library. Among the books on the 
shelves are certain catalogues: of poetry books, reference books, 
mathematics books, outsize books, .... Some of these (such as 
the catalogue of reference books) list themselves, others (poetry) 
do not. In order to clarify this situation the librarian decides to 
make a catalogue (call it C) of all the catalogues which do not list 
themselves. 
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The problem is: does catalogue C list itself ? 

If it does, then it is listed in C, so does not list itself. If it does 
not, then C is one of the catalogues which does not list itself, so 
must be listed in C. 

Remember the village barber ?° 

If this were just a paradox about librarians we would not be in 
trouble: we could keep all references to librarians out of mathe- 
matics. But a set is much the same as a catalogue, and sae things 
it lists are its members. 

The set-theoretic version is this: let B be the set of all sets which 
are not members of themselves. Is B a member of itself, or not? 
The reasoning is just as for catalogues: whichever we assume, we 
deduce the other. 

So set theory as used by Frege is inconsistent. No worse fate 
could befall any theory. 

The only remedy is to abandon Frege’s naive set theory and 
seek a replacement that is not inconsistent. In the naive theory we 
have allowed ourselves too much licence, and reaped the reward 
of the over-indulgent. 


Two Remedies 


In order to circumvent the Russell paradox, we have to change 
the rules so that the argument fails. But our new rules mustn’t be 
too restrictive, or we may throw out the mathematical baby with 
the paradoxical bathwater. 

There are at least two places in the argument where the logic 
is a tiny bit dubious. 

In the first place, our freedom to construct sets may be too 
great. If B were not a set, then ‘membership’ of B might not 
make sense, so the argument could not be pushed through. 

In the second, we may have placed undue reliance upon proof 
by contradiction. If not-not-p and p are different then proof by 
contradiction breaks down: all we have proved is that B is not a 
member of B and not not a member of B, and the latter does not 
contradict the former. 
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Advocates of the second school of thought — the so-called - 
intuitionists — were particularly vocal in the 1930s. Their remedy 
is rather drastic: if we throw away proof by contradiction we lose 
an awful lot of mathematics. The intuitionists took great pains to 
reconstruct the major portions of mathematics without using 
proof by contradiction, and it is amazing how much can be 
saved; but nonetheless changes occur. All functions are continu- 
ous, for example. 

The intuitionist argument runs along these lines: it is at first 
sight plausible that not-not-p is the same as p, or equivalently that 
exactly one of ; 

Pp not-p 
is true. Certainly if p refers only to a finite number of objects this 
should be the case, for we can in principle check p for each object. 
When we finish, either every object satisfies p, so p is true; or one 
of them doesn’t and p is false, so not-p is true. 

But if p refers to infinitely many objects, this option is no 
longer open. We may check as many objects as we like, and find 
p true — but we have no way of knowing whether, for an object 
still unchecked, p is false. Unless we can find a proof of p (or of 
not-p) that works for all objects, we are stuck. Now conceivably, 
p might be true of each object, but for a different reason in each 
case — a sort of infinite coincidence. Jf this happens, we certainly 
can’t disprove p. But we can’t prove p either, because we can’t 
write out an infinitely long proof. 

Consider, for example, the Goldbach conjecture: every even 
number greater than 2 is a sum of two primes. This has never been 
proved, or disproved. If you try it out for various even numbers it 
seems to work: 


4=2+42 18 = 5+13 
6 = 3+3 20 = 7+13 
8 = 3+5 22 = 3+19 
10 = 3+7 24 = 5+19 
12 =5+7 26 = 3+23 


14=3+11 28 = 5+23 

16 = $+11 30 = 7+23 
On the other hand, no recognizable pattern occurs. It is certainly 
possible that no pattern exists, and yet the conjecture may be true. 
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This very possibility means that our confident assertion that 
either p or not-p is true is metaphysics, not mathematics. It is based 
on the assumption that infinitely many objects behave like finitely 
many objects. And we have seen enough examples of the curious 
behaviour of the infinite (especially Chapter 9) for this to be a 
questionable assumption. 

If the assumption is wrong, then the Russell paradox would 
just be one of those theorems that we can neither prove nor dis- 
prove. Of course, just what the word ‘wrong’ may mean in this 
context is a matter for investigation — it’s not clear that it has any 
useful meaning. 

The intuitionist is happy with statements like ‘Every even 
number less than 10'°° is a sum of two primes’, and he agrees 
that these are either true or false. But the statement ‘Every even 
number is a sum of two primes,’ might be neither true, nor false: 
it falls into a new category of truth — dubious. 

Apparently less drastic is the idea that we should restrict our 
freedom to form sets. In one alternative set theory* there are two 
distinct types of set-like object. First there are classes; these have 
elements, and behave much like the naive sets. But a class is not 
necessarily able to be a member of another class. Those classes 
which can be members are the sets. 

This means that a definition of a class in the form 

C = {x|x has property P} 
must be interpreted as: C is the class of all sets x which have 
property P. If x has property P we cannot deduce that x e C 
unless we know that x is a set. 

In the Russell paradox, the argument tries to show that if 
Bé¢B then B has the property which defines elements of B 
(namely, not being elements of themselves) and so lies in B. In our 
new set theory, this cannot be deduced unless Bis a set. 

Now we turn the Russell paradox on its head. All it does is 
prove (by contradiction) that B is not a set. For if B is a set the 
paradox works — contradiction. 

Those classes which are not sets are called proper classes. The 
Russell paradox proves they exist. On the other hand, we don’t 
know of any sets. 

The only way to make sure that sets exist is to lay down axioms 


Foundations 291 


which say they do. Simple axioms, obviously necessary to any set 
theory, say that is a set, or that the union of two sets is a set, or 
that the intersection of two sets is a set. Thus we build up an 
axiomatic set theory. 

Frege’s naive set theory was modelled on the behaviour of 
collections of real objects. We don’t expect the real world to 
contradict itself (a belief which may prove to be as unfounded as 
many another cherished tenet of humanity) and so we expect 
Frege’s set theory to be consistent. It isn’t, but in the final analysis 
this is because it has strayed beyond the realms of reality. 

Axiomatic set theory, however, never gets anywhere near the 
real world. Before it can be an acceptable basis for mathematics, 
it should be demonstrated to be consistent. There is no re- 
assurance on this point from the physical world. A proof of 
consistency is needed. 


The Hilbert Programme 


First we must decide which methods of proof are to be allowed in 
giving the demonstration of consistency. Clearly we cannot use 
methods of proof whose own consistency is open to doubt. 

David Hilbert, who was the first to consider the question, felt 
that a satisfactory proof must be one whose techniques can be 
completely specified in such a way that, so to speak, a computer 
could carry them out. There must be no vagueness; each step 
must be perfectly clear, each contingency accounted for. 

Hilbert also realized that for the purpose of the proof we must 
ignore any meaning that could be attached to the mathematical 
symbols. We should think of mathematics as a game played with 
symbols on paper, according to certain fixed rules. Rules saying, 
for example, that the combination of symbols 1+1 may be re- 
placed by the symbol 2. If we can show that however the game is 
played we cannot produce the combination of symbols 

040 
by a legal sequence of moves; and if we can prove this in a finite, 
constructive fashion; then we will have a proof of consistency. 

If the combination 0 + 0 did occur we could interpret the moves 
of the game as a proof that 0 ~ 0, so axiomatic set theory would 
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be inconsistent. On the other hand, if axiomatic set theory is in- 
consistent there is a proof that 0 4 0, which gives a sequence of 
moves in the game. 

As well as suggesting this, Hilbert laid down a complete pro- 
gramme for carrying out the proof. In order to give mathematics 
as sound a logical foundation as could be desired, it was only 
necessary to carry out the programme. 

Hilbert was also interested in another problem: whether, in 
principle, every problem can be solved. This is connected with the 
intuitionist belief that some cannot. Hilbert’s programme in- 
cluded an answer to this, too: he wished to show that there existed 
a definite procedure whereby one could decide in advance whether 
or not a problem could be solved. He was convinced that this was 
possible. 

Hilbert at this time was the acknowledged leader of the 
mathematical world. But a young man, Kurt Gédel, who had 
trained as an engineer, was convinced that Hilbert was wrong. In 
1930 he sent for publication a paper*> which left the Hilbert 
programme in ruins. Another great mathematician, Von 
Neumann, was giving a series of lectures on the Hilbert pro- 
gramme. But when he read Gédel’s paper he cancelled what 
remained of the course, in order to lecture on Godel’s work, 

Gédel proved two things: 


(i) If axiomatic set theory is consistent, there exist theorems 
which can neither be proved nor disproved. 

(ii) There is no constructive procedure which will prove 
axiomatic set theory to be consistent. 


The first result shows that problems are not always soluble, 
even in principle; the second wrecks Hilbert’s programme for 
proving consistency. It is said that when Hilbert heard of Gédel’s 
work he was ‘very angry’. 

Later developments have shown the wreck to be greater than 
even Gédel imagined. Any axiomatic system sufficiently extensive 
to allow the formulation of arithmetic will suffer the same de- 
fects. It is not any particular axiomatization that is at fault, but 
arithmetic itself! 
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Gédel Numbers 


This and the next section provide an outline proof of Gédel’s 
theorem. Anyone who wishes to omit these two sections may do 
so without losing the thread. 

We begin with a simple question: how many arithmetical 
formulae are there? (By ‘arithmetical formula’ I mean any com- 
bination of the symbols +, —, x, +, (,), =, 0, 1, 2, 3, 4, 5, 6, 7, 
8, 9.) 

Obviously there are infinitely many. But bearing in mind 
Chapter 9, we ask: which infinity? Countable or uncountable? 
In fact, the set of formulae is countable. There exists a bijection 
between it and the set N of whole numbers. 

We begin by ‘coding’ the symbols: 
oe a> eee ey ee Weg ee | Ve mie ARO: SI te GO Fay BS | 
1 2k. ey i Re Bo) EAL Ae a ee Ee ee ae 
Now, to code a string of symbols, such as 

44+7=11 
we form the number 
219 98 5*5..7 A? 43? 
where 2, 3, 5,7, 11, 13,... is the sequence of primes, and the 
powers 12, 1, 15, 7, 9, 9 are the codes of the symbols 4, +, 7, =, 
1, 1 of the string. 

In this way we can associate with each string a code, which will 
be a whole number. 

Because of the uniqueness of prime factorization, we can re- 
construct a string from its code. Thus, if the code is 720, we 
factorize 

720: 2*3? 5. 
The symbols whose codes are 4, 2, 1 are +, —, +; so 720 is the 
code of the string ; 
+—+ 
(not a very meaningful string, but a string nevertheless.) 

For more complicated strings, the numbers get very large. But 
every string has a code, and different strings have different codes. 
By arranging the strings in order of size of their codes, we can see 
that the set of strings is countable. 
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In axiomatic set theory we have more symbols: €, U, A, {, }, 
and also symbols for ‘variables’ x, y, z,... . But the same argu- 
ment applies: code the symbols, then code strings using prime 
numbers. So in axiomatic set theory the set of strings is also 
countable. 


Proof of Gédel’s Theorems 


For this section we shall be working in two different systems: an 
axiomatic set theory /, and ordinary arithmetic, .. The system 
fF will be a formalization of arithmetic. Inside Y we will have 
certain symbols, from which we construct strings; the axioms of 
F tell us what we are allowed to do to the strings. 

We assume that Y is so arranged that the arithmetical symbols 
are used in Y with their usual meanings; so that the string 2+2 = 
4 has two interpretations: (i) a string in %, devoid of any mean- 
ing, (ii) a formula in arithmetic. Further, if a sequence of per- 
missible changes of strings in Y leads us (say) to the string 
2+2=4, then the corresponding sequence of arithmetical 
formulae will be a proof, in.o/, that2+2 = 4. 

In Y, certain strings will involve a single numerical variable x. 
Examples are the strings 


x+1=1+%x 
x(x—1) = xx—x (ft) 
x+x = 43. 


We are particularly interested in this kind of string: to save 
breath we call a string involving the numerical variable x a sign. 

If a is a sign and ¢ is a positive number, we can form a new 
string [a:t] by substituting ¢ for x in a. (Here, of course, ¢ is 
thought of as a string of symbols 0, 1, 2, 3,... .) For example, if 
a is the sign x +1 = 1+x and ¢t = 31, then [a:31] is the string 
31+1 = 1+31. 

Every sign has a Gédel number. We arrange these in order, and 
let 

R(n) 
be the nth sign. Then every sign is equal to some R(n) for suitable 
choice of 1, 
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Now define a set K of whole numbers (in ./) by: n € K if and 
only if [R(n):n]Jis not provable in S. 

For example, to see if 3 € K we find R(3): say it is the string 
x+4 = 0. Substituting 3 for x we get the string 3+4 = 0. If this 
is not provable in Y, then 3 € K. 

Now the formula x € K in. can be formalized in Y, and gives 
some string S in Y. Now S involves a single numerical variable, 
so is a sign. For any particular number n the string [S:7] is a 
formal version of the arithmetical statement n € K. 

Since S is a sign we have S = R(q) for some g. Now we show 
that the string 


[R(q):4] (1) 
is not provable in Y, but that at the same time 
not-[R(q):q] (2) 


is also not provable in S. 

If (1) can be proved in Y then its interpretation in ~ is true, P 
being a formalization of o. So q € K. But by the definition of K, 
it follows that (1) is not provable in S. 

If (2) is provable in Y, then not-(q € K) is true in. So q ¢ K, 
whence it is false that [R(q):q] is not provable in ; so [R(q):q] 
is provable in Y. Assuming Y consistent, it follows that (2) is not 
provable in /. 

The string [R(q):q] (which is a perfectly definite string in Y) 
therefore gives a theorem which can neither be proved nor dis- 
proved in Y. This proves Gédel’s first theorem. 

Disentangling, you will find that [R(q):q] can be interpreted as 
asserting its own unprovability. It says, almost, ‘This theorem is 
unprovable,’ which is very like, ‘This sentence is false.” However, 
‘This theorem is unprovable,’ cannot be formalized in Y, which 
is why we have to hop around from ¥ to & and back again. 


Now we can prove Gédel’s second theorem. Let T be the string 
[R(q):q], which we have seen asserts its own unprovability. Let W 
be any formula in Y which asserts the consistency of %. We 
want to show that W cannot be proved in F. 

Gédel’s first theorem reads ‘if Y is consistent, then T is not 
provable in. Y’. We can express this in Y. ‘SY is consistent’ is our 
formula W; ‘T is not provable in #’ is just T itself, because T 
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asserts its own unprovability. So Gédel’s first theorem, written in 
F, takes the form 

W implies T. 
If we could prove W in YX, then this would enable us to prove T. 
But we know that T cannot be proved; hence W cannot. Since W 
asserts the consistency of Y, it is not possible to prove S con- 
sistent within Y. This is Gédel’s second theorem. 


Undecidability 


In full detail (which involves specifying carefully what is meant by 
a ‘constructive procedure’) Gédel’s theorems can be given a com- 
pletely watertight proof.® Although (2) deals the death-blow to 
the Hilbert programme, it is (1) that is more interesting. It shows 
that in ordinary arithmetic there exist statements P such that 
neither P nor not-P can be proved. Such statements are said to 
be undecidable. 

In a way, this is a partial vindication of intuitionism; but only 
if one equates ‘provable’ with ‘true’. And the proof of Gédel’s 

‘theorem applies equally well to intuitionist mathematics. 

Several questions raised by Hilbert have gone the same way as 
the problem of arithmetical consistency. A Diophantine equation 
is a polynomial equation, such as 

x?-+-y? = 2543 
for which we seek solutions in integers. Hilbert asked for a 
method of testing a given Diophantine equation, to see whether 
it had a solution. Matijasevié (following earlier work by Davis, 
Putnam, and Robinson) has recently proved’ that no such 
method exists: whether or not a given Diophantine equation has 
solutions may be undecidable. 

An amazing corollary of Matijasevit’s proof is that there 
exists a polynomial 

P(X1, X2,.. +5 X23) 
in 23 variables, such that if we substitute positive integers for the 
variables we get exactly the prime numbers. A ‘formula for 
primes’, no less!® In principle, it would be possible to write the 
polynomial down explicitly; but in practice it is too complicated 
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to do more than give a procedure whereby it could be written 
down. And it is unlikely to be of any use in the theory of prime 
numbers. 

In Chapter 9 we mentioned this problem: is the cardinal ¢ of 
the real numbers the next cardinal after No? This is the Continuum 
hypothesis. Hilbert asked whether it was true or false (although 
Cantor was the first to ask the question). Cohen’s answer,° in 
1963, was ‘Yes and no’. It is independent of the other axioms of 
set theory. You can add an axiom saying that the Continuum 
hypothesis is true, and you will not make set theory inconsistent 
(assuming it was consistent to start with!); or you can add an 
axiom saying that it is false, and again no inconsistency will 
arise. This is a twentieth-century version of non-Euclidean 
geometry: by denying the Continuum hypothesis we can produce 
non-Cantorian set theories. 


Epilogue 


Perhaps it should have been clear from the start that the Hilbert 
programme could not succeed. It is too like trying to lift oneself 
by one’s bootstraps. Can any knowledge be true in an absolute 
sense? But the value of Gédel’s work is that it goes beyond mere 
philosophical speculation: it proves the impossibility of an 
arithmetical proof of the consistency of arithmetic. 

This does not mean that we cannot find other ways of proving 
arithmetic consistent. Gentzen!° has indeed proved this; but his 
methods involve transfinite induction — I won’t go into what that 
is — and of course the consistency of that is open to doubt. 

So the foundations of mathematics remain wobbly, despite all 
efforts to consolidate them. Perhaps one day somebody will find 
an inescapable contradiction, and the whole subject will collapse. 
But even then, there would be indefatigable mathematicians 
pottering around in the ruins, tinkering with the works, and 
trying to resurrect what they could. 

For the truth is that intuition will always prevail over mere 
logic. If the theorems fit together properly, if they yield insight 
and wonder, no one is going to throw them away just because of 
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a few logical quibbles. There is always the feeling that the logic 
can be changed; we would prefer not to change the theorems. 

Gauss called mathematics ‘the queen of the sciences’. I prefer 
to think of it as an emperor. And though it may yet transpire 
that the emperor has no clothes, he is still better dressed than his 
courtiers. 


Notes 


Chapter 1 Mathematics in General 


1. I am told that in Dutch exactly the opposite usage prevails: the 
word now used in mathematics where we would use ‘set’ has for 
centuries been translated as ‘collection’. 

2. See W. Sierpinski, On the Congruence of Sets and Their Equiv- 
alence by Finite Decomposition, Lucknow University Studies, 1954; 
also E. Kasner and J. Newman, Mathematics and the Imagination, 
Bell, 1949, 

3. To solve a polynomial equation 


a,x"+. ° -+a,x+a =) 
by radicals we must find a formula for the roots in terms of the co- 
efficients ao, @;, a,, which uses only operations of addition, subtraction, 
multiplication, division, and extraction of roots. An example would be 
the standard solution of the quadratic equation 
ax*?+bx+c=0 

given by 

_ —b+-v(b?—4ac) 

oo =" , 
It has been proved that no such expression exists for the roots of the 
general equation of degree 5. The proof is by means of Galois Theory 
and requires a good grounding in abstract algebra. For details see 
Galois Theory, E. Artin, Notre Dame, 1959; Introduction to Field 
Theory, 1. T. Adamson, Oliver & Boyd, 1964; or Galois Theory, Ian 
Stewart, Chapman & Hall 1973. 


Chapter2 Motion without Movement 


1. C. L. Dodgson, Euclid and His Modern Rivals, Macmillan, London, 
1879, p. 48. 

2. The rest may be found in F. Cajori, ‘The History of Zeno’s 
Arguments on Motion’, American Mathematical Monthly 22, 1915; 
E, Kasner and J. Newman, Mathematics and the Imagination, Bell, 1949, 
and Russell, Mysticism and Logic. 
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3. This statement should perhaps be expanded. Given three points 
A, B, C (distinct and non-collinear) and three distances a, b, c, there is 
at most one point distance a from A, b from B, and c from C. For the 
circles of radius a, centre A, and radius 6, centre B meet in at most two 
points: these are not equidistant from C, so at most one of them. is 
distance c from C. Since rigid motions do not change distances, it 
follows that once we know what happens to a triangle we know what 
happens to everything else. 

In three-dimensional space, we need an extra point, because instead 
of circles as above we have spheres. 

4. One way round this is to write transformations on the right, as 
(X)T or XT. Then we can define 

(X)EF = ((XOE)F 
and everything comes out in order: EF means ‘first E, then F’. This 
takes a little getting used to (though there are precedents, such as 
writing ! for factorials). Mathematicians often use this method. 


Chapter 3 Short Cuts in the Higher Arithmetic 


1. Although nowadays we first meet complex numbers in the solution 
of quadratic equations such as 
x74+3=0 
where the usual formula gives x = ++/—3, historically complex 
numbers first attracted attention in the solution of cubic equations. 
Tartaglia’s solution for the equation 
x*+pxt+q=0 


MEE) NG MGS) 


For the equation 


x°—Tx+6 =0 (t) 
we have p = —7, gq = 6, which leads to 
3 10i\ 3 10/ 
= —3+4-—~ —3-. -- 
sora) (30) 


where i = «/—1. 
On the other hand, we can factorize (+) <p 
(x—1)(x—2)(x+3) = 
so the solutions are x = 1, 2, or —3. 
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To reconcile the two results, observe that if we assume / behaves like 
a number we can work out the cube roots. For 


pet R ils jee 8i3 
USP ile Beh in Sel 
18—8 
= 1—44——_i 
1—4+ 3/3 
107 
aur Y 
and similarly 
, i hh 107 
V3) 3/3 
Using these for the cube roots we get 
2i 2i 
= 1+—-+1-——~ 
# hiv V3 


=2 


which is one of the roots. Where are the other two? These come from 
different choices of cube roots: over the complex numbers, everything 
has three cube roots. 

So by using complex numbers we end up with a correct result about 
real numbers. This is an impressive feat, which suggests that a study of 
complex numbers could be useful. 

2. This phrase seems to be confined to ‘modern maths’ textbooks. 

3. It’s no problem. We are always free to make our definitions as we 
please, so long as we stick to them thereafter. In any case the notions 
of multiplication or subtraction of whole numbers, or of negative 
numbers, involve the same kind of method: forget where they came 
from, operate by analogy, and then check that the answers make sense. 

4. Not the same ‘congruent’ as for triangles. But the two ideas have 
a certain amount in common: in each case one ignores differences of 
a specified kind: multiples of a fixed integer, or transformation by a 
rigid motion. 

5. It is not hard to see that a number of the form 2*+1 is not prime 
unless k is a power of 2. This is probably what led Fermat astray. Of all 
the unproved statements made by Fermat, this is the only one known 
to be false, and the only one about which he expressed doubt. 

6. E. T. Bell, Men of Mathematics, vol. 1, Penguin Books, 1965, p. 73. 

7. See Hardy and Wright, An Introduction to the Theory of Numbers, 
Oxford University Press, 1962, Chapter 6. 


302 Concepts of Modern Mathematics 


8. Fermat’s ‘last theorem’ — so called because it is the last whose 
status is unresolved — asserts that there are no solutions of the equation 
x"+y" = 2" 
in non-zero integers x, y, z, provided that is an integer greater than 2. 
For n = 2 there are an infinity of solutions, e.g. 37+4? = 5?. The 
theorem is known to be true if n< 25 000 (see Selfridge and Pollock, 

Notices of the American Mathematical Society 11, 1964, p. 97). 


Chapter4 The Language of Sets 


1. The symbol is a stylized version of the Greek letter epsilon, the 
initial letter of the word ‘element’. Many books (especially less recent 
ones) just use an epsilon. 

2. A. A. Milne, ‘Winnie-the-Pooh’, Chapter 7. 

3. This is Fermat’s last theorem again. See note 8 to Chapter 3. 

4. In some developments of arithmetic 0 is defined to be 9, 1 to be 
{0}, 2 to be {9,{0}}, and so on. So it is not completely true that 0 and @ 
are different. However, one certainly thinks about them in different 
ways, and this is what is important here. 

5. The symbol ‘©’ is derived from ‘<’, but is made curved as a 
reminder that it applies to sets, not to numbers. Some books use ‘C’ 
instead. 

6. The derivation of N, R, and C is clear. The Z comes from the 
German word Zah/ (number). The Q, I think, is from ‘quotient’. 
Sometimes P (for ‘ positive’) is used instead of N. 

7. Consider the set C = {{1,2},{3,4}}. Then 1 € {1,2} and {1,2} € 
C, but 1 € C. 

8. Sometimes referrred to as ‘cup’ and ‘cap’, which to my mind is 
confusing, and about as much help as calling ‘=’ ‘two parallel lines’. 
If you want a mnemonic, try ‘ Union’ and ‘i Mtersection’. 

9. The only place I have seen membership tables in print is in ‘Venn 
Vill They Ever Learn?’ by Frank Ellis, Manifold 6, 1970, p. 44. 

10. Boolean algebra is of some use in the design of logic circuits for 
computers (see e.g. Rutherford, Introduction to Lattice Theory, Oliver 
& Boyd, 1965, pp. 31-40, 58-74). Apart from its connection with set 
theory it has little relevance to the main body of mathematics. How- 
ever, quite a deep theory exists. See P. R. Halmos, Lectures on 
Boolean Algebras, Van Nostrand, 1963. 

11. The game of ‘vish’ (short for ‘vicious circle’) is played by 
selecting at random a word in the dictionary, choosing a word from its 
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uennition, then choosing one from its definition, and so on — the object 
being to retrieve the starting word in as few steps as possible. 

12. The first satisfactory definition of an ordered pair was given by 
Kuratowski in 1921. The difficulty is to avoid reference to the printed 
form of the symbols ‘(a, 5)’. It will not do to say ‘a is the left-hand 
element’ because ‘left’ is not a concept of set theory. The early philo- 
sophers got themselves into a terrible tangle (see e.g. Russell, The 
Principles of Mathematics, 1903) over this question. ‘Is the ordering a 
property of a?’ No, it must depend on 6 as well, because the ordering 
of, say, (1,2) and (3,1) are different. ‘Is it a property of b?’ No, for the 
same reason. ‘Is it a property of a and b?’ No, because ‘a and b’ is the 
same as ‘b and a’, so that (a,b) and (6,a) come out the same. 

The difficulty is to remove the symmetry between a and b. The 
philosophers were unable to do this because they were confused over 
the distinction between x and {x}. They wanted them to be the same. 
However, once we realize that they should be different, any number of 
paths are open. For instance, we can define 

(a,b) = {{a}, {a,b}. 
The asymmetry on the right is enough to ensure that (a,b) and (c,d) are 
equal if and only if a = c and b = d: this can be proved by elementary 
set theory. Since this is the only important property of ordered pairs, 
the definition is a suitable one. It is not one that is psychologically 
appealing, however. 


Chapter5 Whatis a Function? 


1. This usage conflicts with current grammar, which would separate 
the word into ‘on to’. It must therefore be thought of as a technical 
term in its own right if one is to preserve grammatical purity. I suspect 
it was coined in the U.S.A. 

2. A purely set-theoretical definition of ‘function’ can be given, 
using the notion of ‘ordered pair’. It usually causes students consider- 
able difficulty, because it is at first sight far removed from the idea of a 

‘rule’, and because they have met only numerical functions, defined 
by formulae. 

The problem is to produce a single object f which ties each element x 
of the domain to the corresponding f(x) in an unambiguous way. For 
any particular x, the ordered pair 

(x, f(x) 
does this rather well: for example if we have the pair (7,24) we know 
that f(7) = 24. To specify f over the whole domain D we can use the 
set whose elements are all the pairs (x,f(x)) as x runs through D. 
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If 7 is a target, all the elements f(x) lie in 7, so this set of ordered 
pairs is a subset of Dx T. By virtue of property (3) of functions 
(p. 67), this subset will satisfy two conditions: 


(i) For every x € D there is some y € T such that (x,y) is in 
the given subset. 
(ii) If (x,y) and (x,z) are in the subset, then y = z. 


Condition (i) says that f(x) is defined for all x, while (ii) ensures 
uniqueness, 

Now we can turn the process on end. Given two sets D and T we 
define a function from D to T as a subset f of D x T, subject to conditions 
(i) and (ii). If we are given x € D we find f(x) by (a) finding some 
y with (x,y) € f (which we can do by (i)) and (b) defining 

fa=y 
which is unambiguous by (ii). 

In other words, any ‘rule’ is tantamount to a set of ordered pairs. 
This is not immediately obvious (it would be tragic if everything in the 
world was) but, in the words of a well-known politician, ‘You know 
it works.’ 

For further information consult Halmos, Naive Set Theory, Van 
Nostrand, 1964, or Hamilton and Landin, Set Theory, Prentice Hall, 
1961. 


Chapter6 The Beginnings of Abstract Algebra 


1. See note 3 for Chapter 1. 

2. See Rouse Ball, Mathematical Recreations and Essays, Macmillan, 
1959, Chapter 12. 

3. Lindemann proved his theorem in 1882. See Stewart, Galois 
Theory, Chapman & Hall, 1973, p. 74. 

4. Those readers who have not encountered complex numbers should 
consult W. W. Sawyer, Mathematician’s Delight, Penguin Books, 1943. 

5. See de Bruijn, ‘A Solitaire Game and Its Relation to a Finite 
Field’, Journal of Recreational Mathematics 5, 1972, p. 133. 


Chapter 7 Symmetry: The Group Concept 


1. See for example, Ledermann, Introduction to Group Theory, Oliver 
& Boyd, 1973. 

There is a paper by J. H. Conway with the title ‘A Group of Order 
8 315 553 613 086 720 000’, Bulletin of the London Mathematical Society 
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1, 1969, pp. 79-88. One could hardly define this group by a multiplica- 
tion table! (It should not be thought that mathematicians spend their 
time constructing larger and larger groups. The size of Conway’s group 
is not really important, but it has several rather remarkable properties 
which are.) 

2. See Klein, Lectures on the Icosahedron and the Solution of Equations 
of the Fifth Degree, Kegan Paul, 1913 (also available in Dover Books). 

3. See Coxeter, Introduction to Geometry, New York, Wiley, 1969, 
p. 278. This interesting book also has information about the 17 types 
of plane symmetry (pp. 50-61, 413). 


Chapter 8 Axiomatics 


1. In the real world, the points eventually get so'close that one can 
no longer distinguish them. But we can also check the matter alge- 
braically. For simplicity consider a radial /ine, and suppose that I has 
radius d. Any point strictly inside I’ is distance e from the centre, where 
e is strictly less than d. It follows that a point (say) distance $(e+d) 
from the centre is still strictly inside I’, but further out than distance e. 
For 

d—4(e+d) = (d—e)>0, 
He+d)—e = 4(d—e)>0. 

2. W. W. Sawyer, Prelude to Mathematics, Penguin Books, 1955, 

p. 85. 


Chapter 9 Counting: Finite and Infinite 


1. Apart from certain set-theoretic difficulties, mentioned in Chapter 
20. 

2. Not without a lot of hard work! See Hamilton and Landin, Set 
Theory, Prentice Hall, 1961, pp. 133-238. 

3. Birkhoff and MacLane, A Survey of Modern Algebra, Macmillan, 
1963, p. 362. 


Chapter 10 Topology 


1. Assuming that all the materials have thickness, and that the 
objects are solid, the types are as follows: A, E, G, J are spheres; C, 
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D, F tori; B, H double tori. If (as in real life). A, D, E are hollow, and 
lis empty, there are more types: A, E, J are hollow spheres; G a solid 
sphere; C, F solid tori; D a hollow torus; B, H solid double tori. With 
more quibbles about details — bubbles in the bread, say — there are still 
more distinctions. 

2. There is a science-fiction story by George Gamow (“The Heart on 
the Other Side’, in The Expert Dreamers, edited by Frederik Pohl, 
Gollancz, 1963) in which it is hypothesized that the real universe is non- 
orientable. The hero is attempting to revolutionize the shoe-manufac- 
turing industry, but runs into trouble when all his bodily proteins turn 
into mirror-image forms. 

It is difficult to tell whether the physical universe is orientable. This 
is because orientability is what topologists call a ‘global’ property: to 
discover it one must look at the whole space. ‘Locally’ a Mébius band 
looks much like a cylinder: the properties close to any point are much 
the same. We have little information about the global structure of the 
universe since it is so large. But if the astronomical observations 
mentioned at the end of Chapter 8 are correct, it is probably non- 
orientable! 


Chapter 11 The Power of Indirect Thinking 
1. See Ore, The Four-Colour Problem, Academic Press, 1967. 


Chapter 12 Topological Invariants 


1. See E. C. Zeeman, Introduction to Topology, Penguin Books, 
forthcoming. I am grateful to Professor Zeeman for permission to 
incorporate his ideas. 

2. See papers by Ringel and Youngs, Proceedings of the National 
Academy of Science (U.S.A.), 1968. Also A. T. White, Graphs, Groups 
and Surfaces, North-Holland/American Elsevier, Amsterdam, London 
and New York, 1973. 


Chapter 13 Algebraic Topology 


_ 1. Another important class of algebraic invariants, the homology 
groups, first saw light in rudimentary numerical form, as the so-called 
Betti numbers. 
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Chapter 14 Into Hyperspace 


1. See Rourke and Sanderson, Piecewise Linear Topology, Springer, 
1972. 


Chapter 15 Linear Algebra 


1. There are any number of texts on linear algebra. There is a good, 
gentle introduction in W. W. Sawyer, A Path to Modern Mathematics, 
Penguin Books, 1966. From a practical viewpoint Fletcher, Linear 
Algebra Through its Applications, Van Nostrand, 1973, has much to 
recommend it. 

2. W. W. Sawyer, Prelude to Mathematics, Penguin Books, 1955, 
Chapter 8. 


Chapter 16 Real Analysis 


1. The suspiciously vague-sounding phrases ‘as small as we please’ 
and ‘sufficiently large’ are in fact quite precise. The first means that 
given any positive number ¢ we can make 6,,—/ smaller than e. To do 
this we must make a larger than some number N, which may depend 
on e. Thus a precise formulation of convergence runs: , tends to the 
limit / if for all e>0O there exists N such that if n>N 

\b,—I|<e. 
(The modulus signs ‘| |’ just make sure that the difference is positive.) 

2. The rearrangement of terms assumes a law which is not true even 
for convergent series — as the apparent paradox demonstrates! 

It can be shown that for convergent series with positive terms re- 
arrangement is allowable. 

3. As in note 1 the vagueness can be removed, and one gets the usual 
technical definition: the function f is continuous at the point x if for 
all e>0 there exists 6>0 such that 

\f)—S@)|<e 
whenever 
|lx—p|<6. 
This may explain why students find analysis hard: the definition does 
not resemble one’s intuitive idea that a continuous curve is one that is 
‘all in one piece’. The e-0 definition does lend itself to proving that a 
given function, such as x?, or sin(x), is continuous: this is why it is 
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used. No one has yet found a simpler approach to the question without 
running into serious logical errors; but one should not imagine that the 
current theory of continuity is the last word on the subject. 


Chapter 17 The Theory of Probability 


1. See W. Weaver, Lady Luck, Doubleday, 1963 and D. Huff, How 
to Take a Chance, Penguin Books, 1965. 

2. For example, consider the experiment of picking a random point 
on the real line The probability of picking any particular number, 
such as 2, or 2, is zero. But it is not impossible to pick 2, or 2. 


Chapter 18 Computers and Their Uses 


1. There is a lot of interesting material in Computers and Computa- 
tion (readings from Scientific American), Freeman, San Francisco. 

2. For Fortran, try The Elements of Fortran Style by Kreitzberg and 
Schneiderman, Harcourt Brace Jovanovitch, New York, 1972, or A 
Guide to Fortran Programming by McCracken, Wiley, New York, 1961. 
For Algol see Wooldridge and Ratcliffe, An Introduction to Algol 
Programming, English Universities Press, 1963. 


Chapter 19 Applications of Modern Mathematics 


1. For example, Allen, Mathematical Analysis for Economists, 
Macmillan, 1970 and A. Battersby, Mathematics in Management, 
Penguin Books, 1966. 

2. For more details see the article ‘Mathematics in the Physical 
Sciences’ by F. J. Dyson, in Mathematics in the Modern World (readings 
from Scientific American) edited by Morris Kline, published by 
Freeman, San Francisco, 1970. 

3. See R. Thom, Stabilité structurelle et morphogénése, Benjamin, 
Reading, Massachusetts, 1972. An English translation by D. Fowler is 
to appear shortly. 

4. See Poston and Woodcock, *Zeeman’s Catastrophe Machine’, Pro- 
ceedings of the Cambridge Philosophical Society 74, 1973, pp. 217-26, 
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5. A large number of computer drawings of catastrophes appear 
in ‘A Geometrical Study of the Elementary Catastrophes’, Woodcock 
and Poston, Lecture Notes in Mathematics 373, Springer, 1974. 


Chapter 20 Foundations 


1. See A. Phillips, ‘Turning a Surface Inside Out’, Scientific American 
May 1966, pp. 112-20. 

2. No names, no pack-drill! 

3... . who shaves everyone who does not shave himself. Who shaves 
the barber? 

4. Namely, Von Neumann—Bernays—Gédel set theory. See 
Bernays and Fraenkel, Axiomatic Set Theory, North Holland, 1958, 
p:.oi: 

5. ‘On Formally Undecidable Propositions of Principia Mathematica 
and Related Systems I’, Monatshefte fiir Mathematik und Physik 38, 
1931, pp. 173-98. See note 6. 

6. Gédel’s paper, together with a commentary, is available in trans- 
lation under the original title (Meltzer and Braithwaite, published by 
Oliver & Boyd, 1962). 

7. See Matijasevit, ‘Enumerable Sets are Diophantine’, Soviet 
Mathematics [Doklady} 11, 1970, pp. 354-8; ‘Diophantine Representa- 
tion of the Set of Prime Numbers’, ibid. 12, 1971, pp. 249-54. 

8. Much effort has been expended on a search for formulae which 
represent all primes, or at least, take only prime values. Thus we have 
Fermat’s attempt with 


ae | 
or Euler’s 
n?—79n+ 1601 
which is prime for n = 0,..., 79 (but composite for = 80). There 
are various ways of cheating by choosing an interpretation of the word 
‘formula’. Many references are given by Dudley, ‘History of a Formula 
for Primes’, American Mathematical Monthly 76, 1969, p. 23. 

Such formulae are unlikely to be of use in the study of prime numbers 
because they yield little real insight: a formula is usually more intract- 
able than a simple non-formal definition. Matijasevié’s results should 
be thought of as evidence for the complexity of polynomials, rather 
than simplicity of prime numbers. 

9. In fact, Gédel proved that assuming the truth of the Continuum 
hypothesis will not lead to contradictions in set theory (The Consistency 
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of the Continuum Hypothesis, Princeton, New Jersey 1940). Cohen 
proved that assuming its falsity likewise introduced no contradictions 
(Set Theory and the Continuum Hypothesis, Benjamin.) 

10. See Mendelson, Introduction to Mathematical Logic, Van 
Nostrand, 1964. 


Glossary of Symbols 


e 
B 
& 


RSIDCAFONZN SRI a 


x7} 
No, Ni, 2, eee 
ax<p 


congruence (of integers) 

to the modulus c 

membership 

the set whose members are... 
the set of all x such that... 
the empty set 

inclusion of sets 

the set of natural numbers 

the set of integers 

the set of rational numbers 
the set of real numbers 

the set of complex numbers 
union 

intersection 

difference (of sets) 

the universal set 

set-theoretic complement 
Cartesian product of sets 
ordered pair 

the Euclidean plane 
factorial x (= x. (x—1) (x—2)... 3.2.1) 
a function f from D to T 
multiplication of functions 

the identity function on D 

the set of constructible numbers 
3°14159... 

the set of integers congruent to x 
the set of polynomials in x 
summation sign 

group operation 

identity element of a group 
inverse element to x 

inverse element to x 

infinite cardinals 

inequality of cardinals 


312 Concepts of Modern Mathematics 


tS) 

X(N) 

[] 

p*q 

[p] 

mS) 

R;, R*, RS, R” 
atn(S) 


1, 


strict inequality of cardinals 

the cardinal of the set of real numbers 
271828... 

the absolute value of x (= x if x20, —x if x<0) 
the number of faces in a map 

the number of vertices in a map 

the number of edges in a map | 

the Euler characteristic of a surface 

the Euler characteristic of a network 
the greatest integer not greater than... 
composition of paths 

the homotopy class of p 

the fundamental group of S 

space of 3,4,5,n dimensions 

the nth homotopy group of S 


matrix 


column vector 


probability of event E 
binomial coefficient 


the Russell set 

an axiomatic set theory 

ordinary arithmetic 

the result of substituting ¢ in a 

the nth sign enumerated by Gédel numbers 
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Compose, 191 

Composite number, 37 
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Connected, 163 

Consistent, 117 

Constructible, 82 

Contain, 48 

Continuous, 145, 236, 238, 307 


Continuum hypothesis, 297 
Control space, 282 
Convergent, 233 

Coset, 103 

Countable, 136 

Cross-cap, 154-179 


De Morgan’s laws, 59 
Difference, 56 

Dimension, 202, 222 
Diophantine equation, 296 
Disjoint, 131 

Distance, 200 

Distributive law, 77, 133 
Domain, 67 

Dual map, 184 
Duplicating the cube, 81 


Economics, 6, 250, 270, 273 
Edge, 145 

Eightfold way, 273 

Element, 43 

Elliptic geometry, 125 
Empty set, 47 
Equinumerous, 128 

Euler characteristic, 177, 179 
Euler—Poincaré formula, 213 ” 
Euler’s formula, 166, 176, 211 
Event, 245 


Face, 163 
Fermat’s last theorem, 41, 302 
Fermat’s theorem, 41 

Field, 81, 82, 92 

Flow-chart, 265 

Four-colour problem, 169 
Function, 3, 63, 67, 303 
Fundamental group, 194, 195 
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Genus, 178 

Geometry, 8-26, 59-62, 120-26 
Gédel number, 293 

Gédel’s theorems, 292, 294 
Goldbach conjecture, 289 
Graph theory, 160 

Group, 1, 24, 95-112, 270 


Hairy-ball theorem, 156 
Handle, 178 

Hilbert programme, 291 
Hole, 145, 174 
Homotopy, 192, 193, 124 
Hyperbolic geometry, 125 
Hypercube, 204, 206 
Hypersphere, 206 


Identity, 74, 100, 192 
Imaginary number, 89 
Independent, 117, 118, 120, 248 
Infinite series, 229 

Infinity, 136, 229 

Injection, 70 

Integer, 27, 28, 50 

Intersection, 51 

Inverse, 74, 77, 80, 100, 192 
Isomorphic, 107, 190 


Klein bottle, 152, 178, 208 
Knot, 207 
Knotted sphere, 209 


Lagrange’s theorem, 103, 104 

Law of large numbers, 253 

Limit, 231, 233, 307 

Line, 59, 222 

Linear algebra, 24, 215-28, 270 
Linear programming, 273 

Linear transformation, 221, 227, 274 
Loop, 167, 192 


Map, 163 

Matrix, 223 

Maximal dual tree, 185 
Member, 43 

Membership table, 54, 302 


Mobius strip, 148-9, 177, 178 
Model, 118 

Modular arithmetic, 29 
Modulus, 32, 33 
Multidimensional space, 200-214 
Multiplication, 133 


Network, 159-69 

Node, 160 

Non-Cantorian set theory, 297 
Non-Euclidean geometry, 125 
Non-orientable, 152 

Number, 27, 127, 287 


Omega-minus, 277 

One-to-one correspondence, 71 
Onto, 70 

Operation, 100, 101 

Order, 103 

Ordered pair, 61 

Orientable, 152, 178 


Paradoxical dice, 248 
Parallel axiom, 115, 120-26 
Path, 162, 189 
Permutation, 105 

Phase diagram, 209 

Planar network, 162 

Plane, 60, 222 

Pointcaré conjecture, 214 
Point, 59, 60, 222 
Polynominal, 89 

Polytope, 202 

Potential, 282 

Prime number, 37, 296 
Probability, 244-54 
Probability space, 247 
Program, 262 

Projective plane, 153, 178, 198 
Proof, 117, 291 

Proof by contradiction, 116 
Pythagoras’ theorem, 8, 200 


Quintic equation, 4, 109 


Random walk, 253 
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Range, 67 

Rational number, 27, 28, 50 
Real number, 27, 28, 50 
Reflection, 19 

Rigid motion, 18 

Ring, 78, 86 

Rotation, 19, 225 

Russell paradox, 287-8, 290 


Set, 2, 43, 127 

Set theory, 2, 59, 246, 288 
Sign, 294 

Simultaneous equations, 215 
Solid, 203, 222 

Solitaire, 91 

Solution space, 222 
Squaring the circle, 86 
Standard surface, 178 
String, 293 

Subfield, 82 

Subgroup, 102 

Subset, 48 

Surface, 177 

Surgery, 178, 181 
Surjection, 70 

Sylow’s theorem, 104 
Symmetry, 95, 96, 274 


Target, 67 
Topological invariant, 178 
Topologically equivalent, 146 
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Topological space, 146 
Topology, 145-99, 213, 214 
Torus, 146, 153, 174, 178 
Transcendental number, 141 
Transfinite number, 135 
Transformation, 15, 68, 219 
Translation, 19 

Tree, 184 

Trigonometry, 225 
Triangulable, 176, 177 
Trisecting the angle, 86 


Uncountable, 136 
Undecidable, 296 
Union, 50 

Unity, 77 
Universal set, 57 
Utilities puzzle, 159 


Vector space, 227, 274 
Venn diagram, 53 
Vertex, 160 


Wallpaper patterns, 109 
Wave equation, 5 
Wilson’s theorem, 42 
Winding number, 196 


Zeeman catastrophe machine, 277-9 
Zeno’s paradoxes, 13, 16 
Zero, 27, 76 


Most parents and many teachers are confused by 
‘modern maths’, with its array of novel terms and 
symbols. To the layman, groups, sets and subsets 
mean little, and topology and Boolean algebra exactly 
nothing. 


To dissipate some of the fog, lan Stewart has written, 

not a handbook of modern mathematics, but a unique | 
‘teach-in’ to explain its aims, methods, problems and | 
applications. His book sets out to define the principal 

concepts of modern mathematicians — their ways of 

looking at figures, functions and formulas. Since he is 

largely concerned with pure mathematics, his text 

inevitably demands some concentration, though only 

asmattering of algebra, geometry and trigonometry. | 


Euclid (with his eternal triangle) conned by rote. With 
plenty of humour and a number of anecdotes Dr Stewart 


‘Modern maths’ looks askance at rules of thumb and | 


shows here how the new approach, once grasped, 
encourages a genuine understanding of mathematics. 


| Advances on the frontiers of mathematical knowledge 7 
| which have occurred in the five years since’this book 
| was first published are surveyed in an Appendix. 

The cover shows a detail from ‘T mal C hoch drei’ by Paul Klee, from the 


7 
collection Felix Klee, Berne (photo Hawkley Studios, © S.P.A.D.E.M., | 
Paris 1975) 
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